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INTRODUCTION 


A BRIEF account of the history of this five-volume course of higher 
mathematics has been given in the Introduction to Vol. I of the 
present English edition. This volume and the subsequent ones were, 
from the first Russian edition (1933), entirely the responsibility of 
Professor Smirnov. 

In most texts on the methods of mathematical physics algebraic 
methods play a minor role compared with methods based on the 
theory of functions. This is not so in Professor Smirnov’s scheme. In 
this first part of Vol. IIL a full account is given of the two branches 
of modern algebra — linear algebra and the theory of groups — which 
are most frequently used in theoretical physics. There is a detailed 
treatment of the theory of determinants and matrices and of quadra- 
tic forms including all the results necessary for an understanding of 
the concepts of functional and Hilbert space. The second part is devoted 
to a full account of the basic theory of groups and of the linear repre- 
sentations of groups. Novel, in a first course on algebra, is the inclusion 
of the elements of the theory of continuous groups. 

This volume is quite obviously of interest to applied mathemati- 
cians and theoretical physicists but its claims as providing material 
for a first course in abstract algebra for students of pure mathematics 
should not be disregarded. 

I. N. SNEDDON 


PREFACE TO THE FOURTH RUSSIAN EDITION 


In the present edition the third volume has been divided into two 
parts in connection with the addition of new material. The first part 
contains all material referring to linear algebra, to the theory of 
quadratic forms, and to the theory of groups. I was greatly assisted 
in compiling the additional material by D. K. Faddeyev. He was 
partly responsible for the clarification of the simplicity of rotation 
and Lorentz groups, for the presentation of the material referring 
to the formation of groups with given structural constants and to 
integration over groups [70, 81, 87, 88, 89, 90]. I am very grateful 
to him for his assistance. 

V. SMIRNOV 
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CHAPTER IL ~~ 


DETERMINANTS. THE SOLUTION OF SYSTEMS 
OF EQUATIONS 


§ 1. Properties of determinants 


1. Determinants. We shall start the present section by taking the 
simple algebraica) problem of the solution of a system of first degree 
equations. This will lead us to the important concept of determinant. 

We first consider some simple, particular cases. A system of two 
equations with two unknowns may be written: 


aT + Ay2%, = b, 

a211 + Azt = bz. 
The coefficients Qix of the unknowns are distinguished by two 
subscripts, the first indicating the equation in which the coefficient 


occurs, and the second showing with which unknown it is associated. 
We know that the solution of the system is 


bars — tbe . Ab, — ban 


i= >; t= ; 
Qnae — By 9291 A129 — Aia 


We next take three equations with three unknowns: 
aty + ajot + Aygry = b, 
Aati T a227 + lagt = by, 
asi + ag T Aggts = by, 


the same notation as above being used for the coefficients. We re- 
arrange the first two equations as 


aut + l£, = by — agta, 


latı + arta = by — Aggr3. 
1 
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We solve these with respect to the unknowns x, and 2, in accordance 
with the previous formula: 
(bi — G12%g) Gaz — Gis (be — Gog) , 
Tits — Ase i 


E 41 ,(bg — A2333) — (by — 237g) Boy 
z Aniz — Un ; 


vı = 





On substituting these expressions in the last equation, we obtain 
an equation for the unknown z; solution of this latter equation leads 
us to the final expression for this unknown as 


O11203 + Gibal + 91% 91% 59 — Oubaas — Grabs — bdar (1) 


T3 = 
Cils F Ordea + F134 918 ge — Ayy yyy — Artala — Qigtgty 


We must carefully examine the construction of this expression. 
We note first of all that the numerator can be obtained from the deno- 
minator simply by replacing the coefficients a; of the unknown to be 
determined by the constant terms b;. This now leaves us with the 
elucidation of the rule for forming the denominator, which contains 
no constant terms and is made up solely of coefficients of the system. 
We write down the coefficients in the form of a square array, which 
preserves the order in which they appear in the system: 


1 


ji 11» Fra» Ay2 | 


i 
| Qz, Azz zzi 
| i 


131, Ago, Ags ii 








| 


Our array consists here of three rows and three columns; the 
numbers ai are known as its elements. The first subscript shows the 
row in which the element appears, and the second subscript the 
column. We now write out the denominator of (1): 


1189033 + A122303; + By glhy2gq — Ay \Frg2gq — l12023033 — Ayg%22%g,. (3) 
It can be seen to consist of six terms, each of which is the product 


of three elements of array (2), with one element taken from each 
row and one from each column. The products have the form: 


Gy prqMls, » (4) 


where p, g, 7 are the integers 1, 2, 3 arranged in some definite order. 
Thus, the second, as well as the first subscripts form a set of the 
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integers 1, 2, 3, and to obtain all the terms of expression (3), we have 
to take all the possible orders of the second subscripts p, q, 7 in (4). 
There are clearly six possible permutations of the second subscripts: 


1, 2, Be) (2). 33. Ley By L23 Wy B37. 21, 3; 3,2, 1; (5) 


with the result that we obtain all six terms of the expression (3). 
But some products (4) appear with the plus sign in expression (3) 
and others with the minus sign, so that we finally have to indicate 
some rule for the choice of sign. We notice that the products (4) with 
the plus sign have second subscripts forming the following per- 
mutations: 

1, 2, 3; 2, 3, 1; 3, 1, 2, (5,) 


whilst the products with the minus sign have second subscripts in 
the permutations: 


l, 3, 2; 2, 1, 3; 3, 2, 1. (52) 


We now indicate how permutations (5,) differ from permutations (5,). 
We refer to the fact that a larger number comes in front of a smaller 
as an inversion in the permutation, and we calculate the number 
of inversions in permutations (5,). There is no inversion in the 
first permutation, ie. the number of inversions is zero. We pass 
to the second permutation and compare the magnitude of each 
number appearing in it with all those that follow. We see that there 
are two inversions here: the 2 comes in front of the 1, and the 3 
comes in front of the 1. It may readily be seen in the same way that 
the third of permutations (5,) contains two inversions. In short, 
all the permutations (5,) can be said to contain an even number of 
inversions. On carrying out a similar investigation of permutations 
(5,), we see that they all contain an odd number of inversions. 
We are now able to formulate a rule of signs in expression (3): the 
products (4) appear in (3) without change where the number of inver- 
sions in the permutation formed by the second subscripts is even. 
In contrast, the products appear in expression (3) with the minus sign 
when the permutation formed by the second subscripts contains an 
odd number of inversions. Expression (3) is known as a determinant 
of the third order, corresponding to the array of numbers (2). The 
above discussion can now be easily generalized for the case of a 
determinant of any order. 
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Suppose we have n? numbers, arranged in a square array with n 
rows and 7 columns: 


|nr hz -+--> Ty 

|| oy, Bon, +--+) Gon 

| 

| (6) 
H ° 

ian Ang, -- -s Ann 


The elements a;, of this array are given complex numbers, whilst 
the subscripts 7 and k indicate that the number ay, stands at the 
intersection of the ith row and kth column. We form all the possible 
products of elements of array (6) such that they contain one element 
from each row and one from each column. These products will have 
the form 

Qip Tp. ++ > npp? (7) 
where Pi, P» ---, Pn are the numbers 1, 2,...,7, arranged in a 
certain order. To obtain all the possible products of form (7), we have 
to take all the possible permutations of the second subscripts. We know 
from elementary algebra that the number of these permutations is 
equal to factorial n: 


1-2-3... n=n! 


Each permutation will have a certain number of inversions 
compared with the original permutation 


i PA Bs eyes 


The products (7) with second subscripts, forming a permutation 
with an even number of inversions, are taken without change, 
whereas we write a minus sign in front of the products in which the 
permutation of second subscripts has an odd number of inversions. 
The sum of all the products thus obtained is called an nth order 
determinant, corresponding to the array (6). This sum will evidently 
contain n! terms. The definition we have given may readily be express- 
ed as a formula. We shall use the following notation. Let p,, 
Po -++> Pn be a permutation of the numbers 1, 2, ..., n. We denote 
the number of inversions in this permutation by the symbol 


[2o Par +++ Pal 


Then the definition given above of the determinant, corresponding 
to array (6), can be expressed as follows, the array being written 
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between vertical lines in order to indicate the determinant: 


Qio Ay, ++) Bay 
a a. vany Q 
‘213 ‘22? , 2n X 
= > (—1) [Par Pes e-e Pa] Aip Zap, ++ = Onpa" (8) 
i (Pa Teee vs) 
1 
Any, Amz <--> Any | 


The summation extends over all the possible permutations of the 
second subscripts, i.e. over all the possible permutations (p,, P} ..., 
Pn). When referring to the array as such, and not to the determinant 
formed from it, we write it between double vertical lines. 

It may be noticed that the factors in each product in expression (3) 
have been arranged so that the first subscripts form the basic per- 
mutation 1, 2,3, and hence all our remarks have been concerned 
with the permutations formed by the second subscripts. Instead, 
we can write the factors in the products so that the second subscripts 
always appear in increasing order, and (3) becomes in this case: 


1 1Agogg F Ag10yxAog + Api Agni — A11l32023 — 2112033 — Agy%o20 3. (9) 


The first subscripts here give all the possible permutations p,q, r, 
and exactly the same rule of signs as above can be stated for the 
terms of (9), though now with respect to the first subscripts. This 
leads us to consider, along with sum (8), the analogous sum: 


È (= 1) Pu PoP a, dn os @ 


(Pu Pas ~- -+ Pn) pir “p29 (10) 


Prhe 
This latter sum clearly consists of the same terms as sum (8). 
We shall see later that its terms have the same signs as in (8), i.e. 
sum (10) coincides with sum (8), as in the case n = 3. 
We go back finally to the case n = 2. Here the array has the form 





1 
Qir Aye | 





G24, laz 
and (8) gives the following expression for the second order determinant 
corresponding to the array: 


a 411422 — Ay2For 








G1, 22 
It is clear from the above that an account of the properties of 


determinants requires a closer acquaintance with the properties of 
permutations and these form the subject of our next section. 
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2. Permutations. Suppose we have any n elements arranged in a defi- 
nite order. This is referred to as a permutation of the elements. We prove 
first of all that there are n! different permutations. This is obvious 
with n = 2, since two elements can give two different permutations. 
With n = 3, the result follows directly from the list of permutations 
(5), where the numbers 1, 2, 3 play the part of elements; we can 
easily verify that (5) gives all the possible permutations of these 
three elements. We prove our assertion for any integer n by induction. 
We assume that the assertion is true for a given n and show that it 
is then valid for (n + 1) elements. Thus, having assumed that n 
elements give n! permutations, we consider (n + 1) elements which 


we shall write as 
Cis Ca, ar Canti- 


We start by considering the permutations in which C, is the first 
element. In order to obtain all these permutations, we must write C, 
in the first position, then write down all the possible permutations 
of the remaining n elements. The number of these latter permutations 
is equal to n! by hypothesis, and hence, the number of permutations 
of elements C, starting with C, is equal to n! Similarly, the number 
of permutations of elements Op starting with O, is likewise equal 
to mI In general, the number of different permutations of elements 
Cp will be altogether 


mi-(n+1)=1-2-...n. (ntlh=(n+)), 


which is what we required to show. 

We can naturally assume that our elements are taken as the integers 
starting from unity, and we shall confine ourselves to this case in 
future. We define a transposition as an operation in which the positions 
of two elements in a permutation are interchanged. It follows at once 
that we can obtain from a given permutation any other permutation 
by carrying out a certain number of transpositions. For instance, let 
us take the two permutations of four elements 


1, 3, 4, 2; 2, 4, 1, 3. 


We can pass from the first of these permutations to the second 
with the aid of the following series of transpositions: 


1, 3, 4, 2 — 2, 3, 4, 1 — 2, 4, 3, 1 — 2, 4, 1, 3. 


Three transpositions have been needed here in order to pass from 
the first permutation to the second. If we had used different trans- 
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positions, our passage from the first permutation to the second 
would have been by means of a different series; in other words, the 
number of transpositions required for passage from one permutation 
to another is not strictly defined. The essential fact that we want 
to show is that the different numbers of transpositions that may be 
used are either all even or all odd for two given permutations. This 
may be explained by bringing in the idea of an inversion which we 
used in the previous article. Let us take permutations of the n elements 
1,2, ..., n. We call 


I ae Semen (12) 


the normal order, where the numbers appear in increasing order. 
We say that there is an inversion in a given permutation when 
two elements appear in it in a different order to that which they 
have in the normal order, in other words, when a larger number 
comes on the left of a smaller number. We define even permutations 
as those in which there is an even number of inversions, whilst odd 
permutations are those where the number of inversions is odd. The 
following theorem is fundamental for what follows. 

A transposition changes the number of inversions by an odd number. 

We take the permutation 


a,b, ..., hb, oring Pr arar 8 (13) 


and suppose that the elements k and p are transposed. After the 
transposition, the arrangement of k and p with respect to the elements 
to the left of k and the right of p remains as before. The only change 
is in regard to the elements of the permutation lying between k and p, 
except, of course, that the arrangement of k and p with regard to 
each other is likewise changed. Let us work out the total change in 
the number of inversions. Let there be altogether m elements lying 
between k and p in permutation (13), and suppose that these inter- 
mediate elements supply a normal orders and # inversions in respect 
to k, and similarly a, normal orders and §, inversions in respect to 
p. We obviously have: 


a+f=a,+f,=m. (14) 


As a result of the transposition, a normal order becomes an 
inversion and vice versa, or to put the matter more precisely, 
if element & was in normal order with regard to a certain inter- 
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mediate element before transposition, it becomes inverted after 
transposition and vice versa, whilst the same is true for element p. 
Thus the total number of inversions for elements k and p in regard 
to the intermediate elements was 6 -+ fı before transposition, and is 
ata, after transposition, i.e. the change in the number of inversions is 


y= (a+ a,) — (+B). 
We can use (14) to re-write this as: 


y=(a+a,)—(m—a+m—a,)=2(a+a,—m), 
whence it follows immediately that the number y is even. We still 
have to take into account the change in the arrangement of elements 
k and p in regard to each other. If they were in normal order before 
transposition, they are afterwards inverted, and vice versa, i.e. the 
change in the number of inversions is unity here; hence the total 
change in the number of inversions due to transposition must be an 
odd number. 

We notice some corollaries of the theorem. 

CornoLuary I. If we write down all the n! permutations and trans- 
pose two definite elements in each, say elements 1 and 8, all the even 
permutations become odd permutations and vice versa; whilst in 
general the total aggregate of n! permutations is again obtained. It 
follows at once from this that the numbers of even and odd permuta- 
tions are the same. 

COROLLARY II. Every permutation can be obtained from the normal 
order by means of transpositions. It follows directly from the theorem 
that even permutations are obtained by carrying out an even number 
of transpositions on the normal order, and odd permutations by carrying 
out an odd number of transpositions. 

COROLLARY III. The choice of normal order is entirely arbitrary. 
Any order other than (12) could have been taken as normal, in 
which case, of course, the definition of inversion would require a 
comparison with the new normal order. It may readily be seen that 
if we take any even permutation as normal instead of (12), even 
permutations still remain even, and similarly, odd permutations still 
remain odd. On the contrary, if we take any odd permutation as 
normal, even permutations become odd, and odd class permutations 
become even. 
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For instance, if we take 2, 1, 3 as the normal order in the six per- 
mutations of the elements 1, 2, 3, we have as even permutations: 


2, 1, 3; 1, 3, 2; 3, 2, 1. 


The second of these permutations contains two inversions: the 
1 stands in front of the 2 and the 3 is in front of the 2, whereas in 
the normal order the 2 precedes the 1 and also precedes 3. The 
odd permutations are: 


1, 2, 3; 2, 3, 1; 3, 1, 2. 


We have one inversion with respect to the normal 2, 1, 3 in the first 
of these permutations, viz. 1 precedes 2. 

On taking into account what has been said above, we can state 
the rule of signs in expression (8) as follows: we write a plus sign 
in front of a product if the permutation of its second subscripts is even, 
and a minus sign if the permutation ts odd, the order 1, 2, ..., being 
taken as normal. 

We now elucidate one of the fundamental properties of determinants. 
We interchange the first and second columns in the array producing 
the determinant. The numbers written above as a, will still be denoted 
by the same letter with the same subscripts. Our interchange gives 
us, instead of array (6): 


i| Qv Gras Gig +++» Arn | 
|] 2221 Bars Bog -- +> Qon 
| (15) 
Gries Ory, On ++ +1 Bry] 








We can now use the definition expressed by (8) to form the determi- 
nant corresponding to array (15). The columns in this array are 
enumerated by the following permutation: 2,1, 3, ..., n, and this 
must be taken as the normal order. It has been obtained from the 
previous normal order by means of one transposition, and therefore 
it was previously odd. Hence permutations that were previously odd 
become even with the new choice of normal order, and vice versa. It 
follows that the determinant corresponding to array (15) is the sum of 
the same terms as appear in (8) but, due to the change of the 
permutations of the second subscripts from odd to even or vice 
versa, all the terms now have the opposite signs, i.e. the magnitude 
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of a determinant changes sign on interchange of two columns. We have 
proved this property by interchanging the first and second columns. 
Exactly the same proof applies for the interchange of any two 
columns. We have, for instance: 


td ? 


|1, 0, 3! 1, 3, 0 
is 61S — |2, 6, 7l. 
Is, 3,0! 5, 0, 3 


The second determinant is obtained from the first by interchange 
of the second and third columns. 

We consider a further property of determinants. A typical term 
of sum (8) is 


(— 1) [Pa Po eves Pa) Qip 2p. ees npn’ (16) 


We can bring the second subscripts into normal order by changing 
the order of the factors, but the first subscripts will now form some 
permutation qy, 9z ---, Qn, the expression being now written as 

(= Lp fhe Peo Pa) aa, 1aga2 =~» Agan- (16,) 

The transition from (16,) to (16,) requires a certain number of trans- 
positions of the factors. Each transposition implies a simultaneous 
transposition of both the first and the second subscripts. If the number 
of transpositions needed for passing from (16,) to (16,) is even, this 
means that the permutation p,, Pz »--, Pn is even, since it becomes 
1, 2, ..., n with the aid of an even number of transpositions. It can 
therefore be obtained similarly from the normal order with an even 
number of transpositions. But now the permutation gi, gz% ---+)4n 
must likewise be even, since it is obtained simultaneously from the 
normal order with the aid of the same even number of transpositions. 
Similarly, if p,, P» ---, Pn is odd, qy, Ya, ---» Qn iB too. It follows from 
this that (—1)!Pi Ps + Pal — (1) te -Aal and we can therefore write 
(— 1) [Pt Pz +-+» Pa] yp, Bap, - - - Onpa = (— 1) [1 G25 +++» Gn] Bit Fann - + Agan" 
Hence, if we compare corresponding terms in sums (8) and (10), it 
will be seen that the sums are precisely the same. The rows play 
the same role in sum (10) as the columns in sum (8). These remarks 
lead directly to the result that, if ali the rows and columns change 


3] FUNDAMENTAL PROPERTIES OF DETERMINANTS 1l 
places in an array without changing their order, the value of the determi- 


nant is unchanged. 
For example, the following two third order determinants are equal: 





3. Fondamental properties of determinants. I. We first of all state 
the property just proved — the value of a determinant is unchanged 
on replacing the rows by the columns. Everything below that is proved 
for columns is likewise valid for rows, and vice versa. 

II. We saw in the previous section that the interchange of two 
columns merely changes the sign of a determinant, the same being 
true for rows, i.e. on interchange of two rows (columns) the determinant 
merely changes sign. 

Ill. If a determinant has two identical rows, on the one hand 
their interchange leads to the same determinant, whilst on the other 
hand, by what has been proved, the determinant changes sign. Thus, 
if we write the value of the determinant as 4, we have A = —A, 
or 4=0. In other words, a determinant, with two identical rows 
(columns) is zero. 

IV. l linear homogeneous function of the variables £, €y, .-., En 
is defined as a first degree polynomial in these variables with no constant 
term, i.e. it is an expression of the form . 


P (Zis Lay «+ -) Ly) = Ay, TAX... TAT» 


where the coefficients a; are independent of the zs. Such a function 
has two obvious properties: 


Q (kay, katy, ..., En) = KẸ (Zis Ba, o En), 
P (21+ Yi tat Yo -s En F Yn) = P (Tr Ez -~ -1 En) T P (Yi Yor -Yn 


The latter property remains valid for any number of added terms. 
On returning to formula (8), we see that each term of the sum contains 
one and only one element from each row as a factor. It follows from 
this that a determinant is a linear homogeneous function of the elements 
of any given row (or of a given column). 

Consequently, if all the elements of a row (column ) contain a common 
factor, it can be taken outside the sign of the determinant. 
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As indicated above, the value of the determinant corresponding 
to array (6) is generally denoted by 
| 2a» Qiz: -- -> Hr 


lanv Anz +- -> Anni 
or, more briefly, by 


[ail (i, k=1, 2, ven n). 
The property just proved can be written in a particular case as say 
! kai kys, kas Qi Ayo, Ag | 


Qas Gz Arg |= k | azs Ayo, Qog]. 
| Ag, Qan sa | i agı» Ago, Bag 
The second property of linear homogeneous functions leads to the 
following property of determinants: if the elements of a row (column) 
are the sums of a like number of terms, the determinant is equal 
to the sum of the determinants in which the elements of the row (column) 
in question are replaced by the individual terms. We have, for example: 





la, bh ete’! ja, b,c a, b, c'! 
d, e f+f|=]|d,e, f |+jd, e, fj- 
gh itë gh, ij [gph vi 








We note a further obvious consequence of linearity and homogeneity. 
If all the elements of a given row (column) are zero, the determinant 
vanishes. 

V. If we strike out the ith row and kth column (intersecting in ax) 
from array (6), we are left with (n — 1) rows and (n — 1) columns. 
The corresponding (n — 1)th order determinant is called the minor of 
the original nth order determinant, corresponding to the element aq. 
If we write this 4;,, the product 


An =(— 1 ty (17) 


is called the cofactor of the element air- We now show that these 
cofactors are the coefficients of the linear homogeneous function 
referred to in an earlier property, i.e. we have for any ith row: 


A = Ajay + Apa, + eae + Aj Bin (@=1, 2, aang n) (18) 
and for any kth column: 
A = Alir + Agfa, t+... F Anta (k=l, 2,..., 2), (19) 
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where JA is the value of the determinant. We have to show, in other 
words, that if we collect all the terms in (8) containing a given element 
Qi, the coefficient of the element will be its cofactor Aip, as defined 
by (17). We write this coefficient to start with as Big and observe 
that it consists of the sum of the products of (n — 1) elements, 
elements of the ith row and kth column being no longer included 
in these products. 

We first take the case è = k = 1 and write out the terms of sum 


(8) containing u: 


tii > (— 1) Pas e+ Pa] zp; scans On pn" 


(Pay -- +1 Pr) 
The summation must extend over all the possible permutations 
Pa Pas - - ++ Pn Of the numbers 2, 3, ..., n. The first element unity in 


the full permutation 1, P» ..., Pn is in the normal order as regards 
the remaining elements, so that we have for the number of inversion: 


(1, Pz -- -> Pol = LPa -> Pab 


the permutation in which the numbers appear in increasing order 
being taken as normal in both cases. We thus have the following 
expression for the coefficient of a,,: 


By = Ð (HI fw Pal ayy... . Gaps: 
IEO (er ces Fn i sci 
This sum comes within the definition of determinant, except that, 
by comparison with the original determinant, the first row and first 
column are missing. Hence it is clear that 


i [Bay = dn =(— Ije Ay A div 


Le. our statement is proved for i = k = 1. We turn to the case of 
any ù and k. We interchange the ith row in turn with higher rows 
until it arrives at the position of the first row. This requires (è — 1) 
interchanges of rows. Similarly, the kth column is brought to the 
position of the first column by successive interchanges. These inter- 
changes move the element a), upwards and to the left to the position 
of a. The row characterized by ¢ and the column characterized by k 
appear in the first position, whilst the order of the remaining rows 
and columns remains unchanged. The result obtained above shows 
that the coefficient of a;, after these interchanges is equal to Aik- 
But we have employed (¢ — 1) + (k — 1) interchanges of rows and 
columns in pairs, and each such interchange adds a factor of (—1) 
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to the determinant; i.e. we have added altogether the factor 
(— 1)@-H+E-1y = (— ft", 


and the final expression for the coefficient By is therefore: 


B= ie =(— 1+ Aik = fik 

which is what we wished to prove. Thus we have proved formulae 
(18) and (19). If we successively replace the elements of the ith row 
in the determinant A by the numbers c4, Cz, ..-, ¢n, whilst the remain- 
ing rows are unchanged, the factors Ais in (18) will be unchanged, 
and the value of the new determinant will be 


A’ = Ajycy + Apt, + eee + Ainin (20) 
In particular, if we take c, C» .-.,¢, equal to the elements aj, 
jg, --+,@jn Of the jth row, where 7 #7, the determinant J’ will 


have two identical rows, the ith and the jth, so that it vanishes: 
A’ = 0, i.e. 


Anl + Aji t+... + Ain®in = 0 (t4 7). (21,) 
Similarly for columns: 
Aitu + Andy t -F Anam = 0 (k#l). (21,) 


Expressions (19) and (21) lead us to a property of determinants 
that is important later. 

If we multiply the elements of a row (column) by their cofactors 
then add, we get the value of the determinant. On the other hand, if we 
multiply the elemenis of a row (column) by the cofactors of the corres- 
ponding elements of another row (column) then add, the sum is zero. 

VI. We add the elements of the second row, multiplied by a factor p, 
to the elements of the first row of the determinant 4. The elements 
of the first row become 


Qis F Pa, ($s =1,2,..., 2), 


and by virtue of property IV, the new determinant is the sum of 
two determinants: the original determinant and a second determinant 
in which the first row consists of the elements 


Pa, (S=1, 2,..., 2), 


whilst the remaining rows are the same as in 4. On taking p out of 
the first row, we get identical first and second rows, and the second 
determinant, therefore, vanishes, i.e. in general, the value of a deter- 
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minant is unchanged if the elements of one row (column), multiplied 
by a constant factor, are added to the corresponding elements of another 
row (column). 

We now introduce some notation for future use. Given the square 
array of numbers (6), let / be a positive integer not greater than n. 
We shall denote the determinant of order /, consisting of the rows 
of (6) numbered Pı, Pa ---, pı and the columns of (6) numbered 
Gis J» -- -> Qp aS follows: 


A hg Borgo» ose, Qpr 
A [Pr Par +> | = | pav Cpa >» - » Apg (22) 
G1» Fz -Q eo 
(Fra Apg +--+ Opa 


With this, a number a itself is generally referred to as the first order 
determinant corresponding to a, i.e. A(f) = apg. The sequences of 
positive integers Pı, Pz ..-, Pt and Qi, Qz ---, gi need not necessarily 
be arranged in order of increasing ps and gs. If the numbers are in 
fact in increasing order in both sequences, determinant (22) is called 
a minor of order l of determinant (8). The determinant (22) is obtained 
from (8) by striking out (n — l) rows and (n — 1) columns. Let the 
rows and columns struck out be characterized by the numbers r, 
To <--> Tn- aNd 3,8, ...,S,-, arranged in increasing order. The 
minor 


A 





Tis Tap eons ia 


$1, Sq, 0-0, Spy 
is known as the complementary minor to (22), whilst the expression 


(— 1)Pit Pate tet teeta 4 Tar ees Tat (22,) 





Sis 82» -o -s Snt 


is known as the cofactor to minor (22). For a single element Gir, 
this definition of cofactor is the same as the previous definition (17). 
We write the cofactor (22,) as 


A’ fe Paz» TARE Pi) g 
Jo o- Gl 
It is fully defined on specifying determinant (22), i.e. on specifying 


the numerical sequences P), Pa -.., pi Of its rows and Qiu qo -< 4i 
of its columns. 
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Let us fix the numbers of the rows. The value of the determinant J is evid- 
ently a homogeneous polynomial of degree J in the elements of these rows, 
and it can be shown to be given by the expression (Laplace’s theorem): 


Am a Aee e pean, (23) 
acien (do ge o go ge ->> 4 


where the summation is carried out over all the possible increasing sequences 
of qis g2, ---, qı taken from the sequence I, 2, ..., n. The number of terms in 
sum (23) is equal to the number of combinations of f from n elements: 


c! _n(n—1) -.-(n—1+1) 
n i 2 
since the q, are only taken in increasing order when forming the sum. For/=1, 
we have A(t) = @pg» and (23) becomes (18) with ¿ = p,. It is easy to de- 
rive an expression analogous to (23) for the expansion of 4 in the elomenis of 
any selected columns. No use will be made of (23) and the proof is omitted. 


4, Evaluation of determinants. The evaluation of a second order 
determinant is extremely simple. By (11), we merely write down the 
array 
] âu a | 


and take the product of the elements on the full diagonal with its 
own sign, and on the dotted diagonal with the reverse sign. 

We tur to third order determinants. We wrote down the expanded 
form in (3). It may easily be verified that this can be obtained as 
follows: we write out the array giving the determinant then write 
out the first and second rows again underneath. This gives us an 
array with six diagonals, with three elements on each. We take the 
products of the elements on full line diagonals without change, 














and those of the elements on dotted diagonals with the minus sign. 
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The sum of the six products gives the determinant (Sarrus’ rule). 


There is no generalization of this rule for higher order determinants and 
we need a different procedure to shorten the working. For instance, property 
VI of the previous section can often be used with advantage. We shall illustrate 
this with an example, We take the fourth order determinant 


| 3,5,1,0! 
t i 
} 2,1, 4, 5i 
A=} j 
i 1,9, 4,2 
|—3, 5,1, 1] 


We multiply the third row by (—2) and add it to the second; further, we mul- 
tiply the same row by 3 and add it to the fourth whilst subtracting from the 
first. By the property mentioned, we arrive at a determinant of the same value 
as that written above, but now having three zeros in the first column: 


0, —16, — 11, — 4] 
0, —18, — 4, 1| 
l, 7, 4, 2) ° 


10, 26, 13, 7) 





This gives us, on expanding by elements of the first column in accordance 
with equation (19): 


— 16, — 11, — 6 
A=j|—13, — 4, 1 |- 
26, 13, 7 


We multiply the third column by 4 and add it to the second, then multiply the 
same column by 13 and add it to the first. We thus get: 


— Dt = 35, = | — M =s: 
A= 0, 0, l|=— | = 94x41 — 35x 117 = — 241. 
117, 4, 7 | u7 all 

5. Examples. 1. Let it be required to find the volume of a parallelepi-. 
ped whose sides are the vectors A, B, C, having the same vertex as 
origin. We know from ‘[H, 105] that the required volume is given by 
the scalar product of A and the vector product (BxC): 


V =A(BXC). (24) 


The volume is obtained with the plus sign if A, B, C have the same 
Orientation as the coordinate axes, and with the minus sign if the 
Orientation is different. The components of the vector product are 


BEBO, BOBO. BOR B0, 
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and the scalar product of (24) is therefore 
4, (B0, — B:0;) + 4, (B.C, — B,C,) + 4,(B.C, -- B,C.) 

Tbis sum may easily be seen to represent a third order determinant, i.e. 
| áp Bo Cx 

V=!A,, By, 0l. (25) 


|A» Ba O 


The vanishing of this determinant shows us that the volume is zero, 
in other words, that the three vectors are coplanar, i.e. they lie in 
one plane. If we interchange two rows (columns) in the determinant, 
say the first and second, this means that the order of vectors A, B, € 
is changed to B, A, C; if the vectors had the same orientation as the 
axes in the previous sequence, they now have a different orientation, 
and vice versa. The value of the determinant correspondingly changes 
sign. 

Similarly, if we take two vectors (áx, Ay) and (Bx, By) in the zy 
plane, the area of the parallelogram formed by them is equal to the 
second order determinant 


A,, bB, 
Ay, B, 


P= 








We now consider a triangle with vertices 
My (Yı) Mz (x2, Y2), Mz (T3, Ya). 
We take the vector A = M, Jf, and B = M,M,, with components: 
M, M, (£, — ty Yz — yı), M, M; (£3 — tu Y3 — V), 
whilst the arca of the triangle can be written as 
1 lZ — Zy, T3 — Tı 
Nyy ni 


It may readily be shown that the second order determinant can 
be replaced by a third order determinant so that the above expression 
becomes 


P= 


| Zis Zz, Ws 
Pes 
= j| Yr Yo ¥s}- 


il, l, 1] 
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The vanishing of this determinant gives the condition for the three 
points M,, M,, M, to be collinear. In other words, the equation of 
the straight line passing through two given points (z,, y,) and (£z, Ya) 
can be written as 


lx, Zis T3 


|y, Yi: Yz 
TERI 





=0. 


II. The equations of some loci may easily be found by using de- 
terminants. Suppose, for instance, we are seeking the equation of 
the circle passing through three given points (7, Y1); (2, Y2)» (Ez Ys)- 
The equation may be readily seen to be obtainable with the aid of 
a fourth order determinant, as follows: 


|2 ry, aryl w+ ye 73 US 

pe ee eo (26) 
1 y Yı Yz Ya o 7 

i l, 1, 1 | 


On expanding by the first column, this equation is seen to be in 
fact of the second degree, with the same coefficient for z? as y? and 
with the term in zy missing, i.e. (26) is the equation of a circle. Finally, 
if we substitute x = 2, and y = y, in the equation (k = 1, 2, 3), 
the first column becomes identical with one of the others and the 
equation is satisfied, i.e. the circle actually passes through the three 
given points. It should be noted that, if the three given points are 
collinear, the coefficient of (x? + y?) in equation (26) vanishes, so that 
the equation corresponds to a straight line and not a circle. 

Similarly, with axes OX, OY, OZ in space, the equation of the plane 
passing through three given points (2, Yp 2), (Zo, Yo: 22), (Tz, Yz Za) 
can be written as a fourth order determinant: 


T, Tis Ly T3 


Ka Yis Y2 Y3 
2, Zo Z% Z3 
ihl 


=0. (27) 


If the three given points are collinear, equation (27) reduces to the 
identity 0 = 0. 
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III. We consider the determinant Dn of order n, each row of which 
consists of powers of a certain number, starting with the (n — 1)th 
power and down to and including zero: 


en a EE A | ! 
xg, z3, sees Tzs 1; 

al eC ey ie (28) 
gil gaez , fy 1 | 


We have with n = 1 and n = 2: 


D,=1; D, = 27, — z. 


To expand the determinant D,, we replace the number 2, in its first 
row by the letter z. We get the determinant: 


2,2, 1 
D, (z) = | 23, £a, 1]. 
z3, Za l 


On expanding by the first column, we see that D,(z) is a second 
degree polynomial in z. If we substitute x = zm, or 2 = 2, in the 
determinant, the first row becomes the same as the second or third 
and the determinant has zero value, i.e. the quadratic form D,(z) 
has roots z, and z, and may be written as l 


D; (x) = Ag (x -— 22) (£ — T3), 
where A, is the coefficient of z?, i.e. the cofactor of the element 2? 


appearing at the top left-hand corner of D,(z). It follows from this 
that 


Ta 1! 

3, 1 | 

i.e. A; is the determinant D,, consisting of the numbers z, and qz. 
Finally: 


A, = 





Dy (x) = (£, — Ta) (£ — XQ) (T — X3). 


On substituting z = x, we obtain an expression for D, as the product 
of three factors: 


D, = (2 — £2) (£1 — T3) 
(%_ — z3). 
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Having found D,, we can find an expression for D, in precisely the 
same way. It is the product of six factors: 


(£1 — T2) (Z1 — T3) (21 — T4) 
D, = (£2 — T3) (T2 — T4) 
(£3 — T4) 


Similarly, for any n, we find the following expressi-n for D,, which 
is generally known as Vandermonde’s determinant: 


(2, — z3) (2, — Ta) .. . (Z1 — Tn) 
D, = (T3 — T3) .-. (£2 — Zn). (29) 
(Zp—y TF Tn) 


This expression has an interesting connection with the basic defi- 
nition of determinant. Any nth order determinant can be written: 


A Tins Tı, n=]! *° 93 Tii i 
| Zany Tzn -- +s Ta | 
z (30) 
a ae a ee ee saj 
i Tans Tn, n=? +- Tni: 


We carry out the purely formal substitution of z{~' for each element 
Zir As a result of this, determinant (30) clearly becomes Vander- 
monde’s determinant (28). An immediate consequence is the following 
rule for finding the sum giving the value of (30): we remove the 
brackets in expression (29) and replace z} * in each of the resultant 
terms by Tzs; if a power of zy is missing in a product term, we add 
the factor z,°, which after substitution becomes zu. It may be re- 
marked that this last rule can be taken as the definition of a determi- 
nant. 

IV. We consider an expression which will concern us later on: 


ou +2, Qiz Qis see Qin | 
"ayy Ung FE, lg os Amn | 
A(z)=' dy, G32, üg T T, -> Agn (31) 


an Aya: ngs ++ +s Ann Te 
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and expand it in powers of z; for this, we first re-write it as follows: 


| an+, a +O, ag HO, s din HO | 
| Gay +0, an+ 2, Gag +0, -.., an +0 | 
A(z) =! Gz, +9, a3 +0, agg +H, ..., Agn +0 | (32) 
It ea a aii eee ; | 
| @ny +0, am +O, Gag +0, ..., Opn FZ 


Each column of this determinant is the sum of two terms and we 
can re-write it by means of repeated application of property IV above 
as the sum of 2” determinants, the columns of which contain no sums. 
If we strike out the second term in all the columns of (32), we get a 
term which does not include gv, i.e. the constant term in the ex- 
pansion of A(z): 
lir Aya, «++ Ary 


Ajs Qos -- +5 Aan 


(33) 


eo a s 


aal 
| 





| Anis lno -> Any | 


On the other hand, if we strike out the first terms in all the columns, 
we get the leading term of polynomial A(z): 


‘2,0, 0, ..., 0! 
lo, 2, 0, ..., 0° 


We now consider the middle terms of the polynomial. Suppose we 
retain the second term in the p,, P» .--, psth columns, and retain the 
first term in the remaining columns. Each p,th column (k = 1, 2,..., 
s) will now consist entirely of zeros except for the single element x 
on the principal diagonal, i.e. on the intersections of rows and columns 
characterized by the same number. On successively expanding the 
present determinant by the P, p,.--, psth columns, we get the 
factor 2° from these columns and have to strike out the p,, Pz ..., psth 
rows and columns. The cofactor of the powers of x after each strik- 
ing out is precisely equal to the minor since the row and column 
struck out are both characterized by the same number. It follows 
that, for any choice of columns Pp (k = 1, 2, ..., $), our determinant 
will contain z* with a coefficient equal to the determinant of order 


6] MULTIPLICATION OF DETERMINANTS 23 


(n — s) obtained from the original determinant (33) by striking out the 
rows and columns whose intersections consist of the elements a,,, 
App» ---» Gpp, of the principal diagonal. We write this (n — s)th order 
determinant symbolically as App, --- p,- 
„Pa ++ Pa 

This is usually called the princina minor of order (n — 8) of the 
determinant A. Different choices of p,, p.,..-, Ps lead us eventually 
to the final coefficient of z* in the expression for A(z) as the sum of all 
the possible principal minors of order (n — s), i.e. 


A (x) = z" + 8,271.4 8,277? + ...4+8, 74+ S,, 


where S; is the sum of all the kth order principal minors of 4. In parti- 
cular, S, = A. The expression for the coefficient is explicitly 


(1,2, -9 7) 
S, = App -Pa T 
Pi< Pa < -.. < Pa PaPa -- -Pat 
Angar Ange cues aq. 
Bag Agge areeey Aalt 


= = . . . . . . . . i (34) 


a UaK- <l. 
| Ogg,» Aly ---> Bayt 


Here the summation extends over all the possible combinations 
of the k numbers qy, gə» -.-, qx, taken in increasing order from among 
the numbers 1, 2, ..., n. If the summation in (34) were simply over 
each subscript q; for all values from 1 to n, the integers would appear 
in the permutation qy, q» ---, qx in all possible orders and not solely 
in increasing order. To be precise, every increasing sequence in the 
summation over all g; from 1 to n would have its place taken by k! 
permutations in all. We now observe that the magnitude of the deter- 
minant appearing in (34) is unchanged on interchange of any two 
numbers q; and qj- Suppose, for instance, that q, and q, are inter- 
changed, then the first and second rows and columns are interchanged 
in the determinant which has no effect on its value. It follows from 
these remarks that, if the summation in (34) is simply over each 
of the q; from 1 to n, each term in sum (34) will be repeated k! times, 
so that we can write the coefficient S, in the alternative form: 


] 2 n n, qi Jo -- -5 A 
Sk = -r ... YA . (35) 
ze Az Gent Gis Jos ---s Ue 


6. Multiplication of determinants. We derive a formula in this 
article for the product of two determinants of the same order. 
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Let us be given two nth order determinants: 


4= [airl (36,) 
and 


A, =|b«|f. (363) 
We form a new determinant, the elements of which are given by 


Ca= S aba (6 H=1,2,..., n) (37) 


sel 


and we show that this determinant is equal to the product of deter- 
minants (36,) and (36,). We start with the case n = 2. On taking into 
account (37) and expanding the determinant in accordance with pro- 
perty IV of [3], we get: 

aubu + Ay2b2i Aqy0y2 + A 2bo0 
aob + aa2b21, Ayyby2 + A22b22 
anbu baz 
zbys a22b22 


Cix C12 tybir anbi 


+ 














C21» C22 








Qbr azb 


Qib» Byyb 40 
azb» Azbi 


2091, Arabaz 
Az2b21s A2gb23 




















On taking outside the common factors of the same columns, the first 
and fourth terms on the right-hand side yield determinants ; with 
identical columns and these vanish. On interchanging columns in one 
of the determinants that remain, we find that 
































C44, € 1, @. Qz» Q 
qa» 2| 1» f2 2 Ay) _ 
= biba | + biba = 
Cox, C22 Qr, Q22 G22, Agy 
Qir F2 Qiri Aye Air Ay. 
= b11b22 = Byoboy = (811209 = bi2b21) = 
Azi: Q22 Q1, Q22 Qo), Ago 
_ |G» 2| | Or, a] 
oyr @22| | Bo1, Ö22 











which is what we had to prove. 


In the general case of order n, we have after applying property IV 
of [8]: 


M5051) Giss Bs,o; ea Aisan bs,n 
| cirl p 24 > arabs: 25:0522 a aiig G25. 0san (38) 
: Sisera Ba] ao Good ee sek : 
Ans Ps) Anss CANI nse? san 
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where the variables of summation $, 8, ---, Sn take the integral values 
1,2, ..., n. The terms of this sum can be written: 


| Gigs Aiso ++ +> Arsa! 
PE E + Ban araen mea (39) 
pe Anss: ...3 Ansa 
If any of the numbers 5,, 8, ..., Sn are the same, there will be equal 


columns in the above determinant and it vanishes. We can thus confine 
ourselves to the terms for which none of the sx are the same, so that 
the sequence S, S% ..., Sn represents a permutation of 1, 2, ..., n. 
Twice multiplying (39) by (—1)'%»S»---+%] evidently leaves the ex- 
pression unchanged, so that we can write it as the product of two 
factors: 


Drs rsy -> Ais 
1) REE | SOR 
(— 1)!5» Sesa] = S k 1 (— Dises bobea «+» Bagn- 
Ong Qnsy +++ Tnsy | 


We transpose in the first factor so that the sequence s; 8, ---, Sn 
becomes 1, 2, ..., n. Each transposition of (—1)'#%---+] simply 
changes the sign of the determinant, whilst the factor as a whole 
remains unchanged. Hence we can write (39) as 





Qir Aiz» ---» Fin 
2x1; Qoz - + +> Fon 

a (— 1) Bese] Bboy + Dens 
Anr Ong, -- -s Ann 


and we now obtain, on returning to sum (38): 


Cin ff =A = n 1) Bowe > Sal b b 


(Su Say « ser + > Osan 


where the summation ae over all the permutations s, 8,, ..., Sn 
of the numbers 1, 2, ..., n. This latter sum is the determinant 4, i.e. 
| cix |1 = 44, which is what we had to show. Equation (37) amounts 
to the following: the elements of the ith row of determinant A are 
multiplied by the corresponding elements of the kth column of the 
second determinant then the products added. We know that the rows 
can be replaced by the columns in a determinant without changing 
its value. The above rule for multiplying rows by columns can there- 
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fore be replaced by three alternative rules, for multiplying columns 
by columns, columns by rows, and rows by rows. 
We can finally state the theorem as: let 


[ain] and |b, 


be two determinants of any order n. 
We form a new determinant 


| cirl 


whose elementis are given by one of the following expressions: 


n 
Cir = Y Fist (40,) 
s=1 
n 
Cik = Y Fides (402) 
s= 
n 
Cir = Y 8D en (403) 
gal 
n 
Cin = > sbr (i, k = 1,2, ..., n). (40,) 


Sal 
The value of the determinant | cix | is now equal to the product of | aix | 


and l bik |. 
Example. We consider, along with the original determinant 


A=|a;,| 


the determinant consisting of the cofactors of its elements 
| Aix}. 
We shall express the product | dig | - |A;, | as a further determinant, 


by multiplying rows by rows, in accordance with the above theorem. 
The new determinant has the following elements: 


n 
Cik = X ists. 
s=1 


We obtain from property V of determinants: 
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i.e. 

|4 0, 0,..., 0 

i 0, A, 0, ... 9 0 

[anl lár] =| 0, 0, 4,..., 0! 








or, as may readily be seen: 
lax |P{An(2=4", ie. Al Ay|2=4". 
We have on dividing through by 4, assumed non-zero: 
| 4al i = 4. (41) 
(0) 


If the elements aj, = aj,’ are such that A vanishes, we can find elements 
aip as near as we like to af? such that A differs from zero. Equation (41) 
is valid for these ai, and on passing to the limit with air —> af), we 
see that the equation remains valid for a,—a{?, ie. for A= 0. 
If A and Aj, are written in terms of the elements a;,, (41) represents 


an identity with respect to the aj. 


7. Rectangular arrays. We shall encounter later on arrays in which 
the number of rows can differ from the number of columns. This 
more general type of array is exemplified by 


1 
jaa? Aiz --- > Ap 
jjl21 22» -- -> Zon 


foo 


Amr amz- -> + Amni 








(42) 





It contains m rows and n columns, where the m and n can be the 
same or different. On striking out rows and columns so that the 
number of each is the same, we can form determinants from the re- 
mainder. We say that these determinants enter into the constitution 
of array (42). The highest order that they can have is evidently equal 
to the lesser of the two numbers m and n, whilst the least order is 
unity, the first order determinants being in fact the actual elements 
of array (42). Suppose that all the determinants of a certain order l 
appearing in the array are zero. It may readily be -seen that all 
the determinants of order (l -+ 1) in the array are likewise zero. 
In fact, each determinant of order (l+ 1) can be expressed as the 
sum of the products of the elements of a given row with the cofactors 
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of these elements. But the latter, except for sign, coincide with deter- 
minants of order J of the array, and are therefore all zero. Since all 
the determinants of order (l + 1) are zero, it follows as above that all 
the determinants of order (l -+ 2) likewise vanish, and so on. Thus, 
if all the determinants of a given order appearing in array (42) vanish, 
all the higher order determinants of the array likewise vanish. 

This brings us to an important concept regarding array (42), the 
array being more commonly known as a matrix. The rank of matriz 
(42) is defined as the highest order non-vanishing determinant of the 
matriz, i.e. if the rank is k, there is at least one non-vanishing determinant 
of order k in the matriz, whereas all the determinants of order (k + 1) 
vanish. 

Let us consider, along with matrix (42), the array 





| biss biz «++ > bim 
bars Don, +--> Dom! (43) 
Deis Onis cb s ay bam 
consisting of n rows and m columns. We form the m? numbers 
C= Saude (i, k=1, 2 ..., m). (44) 


sel 


The square array made up of the c; is usually known as the product 
of rectangular arrays (42) and (43). 

We prove a generalization of the theorem for multiplication of 
determinants. 

THEOREM. If m < a, we have 


ult Safe fate ee), as 


neta (Ti To ---3 Tm 1, 2, «1.5 ™ 


where the summation extends over all the 7, of the sequence 1, 2, ..., n, 
satisfying the inequalities indicated. If m > n, the determinant | cy |F 
vanishes. 

The meaning of the symbols 


af 2, ..., m 
Ty Ta, e.. Tm 





and B Ty, Toy 2205 Tm 
l, 2, ca M 


is given in [3]. The second denotes the determinant formed from the 
elements of the 7, T» ---,?mtb row and first, second, .-., mth 
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columns of array (43). For m= n, the sum in (45) reduces to the single 
term corresponding to 7, = 1, 7, = 2, ...,7m = m, and (45) expresses 
the theorem for multiplication of determinants. 

We take the case m < n. The proof of (45) is analogous to that for 
the multiplication of determinants; we have as in the latter case: 


Tcen 
cul T= > a| 


Siccete (Si Sa oo Sm 








ee eee 


sıl 





where each of the s, can take the values 1, 2, ..., n, and where terms 
can be neglected for which some of the s, are equal, since such terms 
are zero. We take a definite sequence of numbers 7, <7, < ... < Tm 
from the sequence 1, 2, ..., n and we distinguish the terms of sum (45) 
for which the set $ %, ..., Sm coincides with the set Ti, 7), ..., Tm- 
This gives us part of sum a 

4 bes i bnina als biam (47) 

ti» Bacs tm 


ty tas - 


where summation is over all the possible permutations (t,, t,, ..., tm) 
of 7,,7%,---,7m- On multiplying each term of (47) twice by 
(—1)!#»4»---fe], it can be shown exactly as in [6] that the sum is 


equal to 
afn ig M a 
Ens PLY 


All we need do to obtain the whole of sum (46) is to summate this 
product over all 7, <7, <... <Tm which gives us (45). Finally, 
suppose m >n. In this case we can add (m — n) columns of zeros 
to array (42) and (m — n) rows of zeros to array (43). If, after this, 
we use the formula 


Cik = 5 iP gn (i, k = 1, 2, eee yg m) (48) 
s=1 


instead of (44), we get the same values of cig as before, since the addi- 
tional terms on the right-hand side of (48) are zero. On the other hand, 
arrays (42) and (43) have now become square, the corresponding de- 
terminants being zero; and it follows from the theorem for multiplying 
determinants that | cj, |ï is zero, so that the theorem is fully proved. 

Remark. If two rectangular matrices each have m rows and n 
columns, multiplication of rows by rows: 


n 
Cin = > Fights (i, k= l, 2,..., ™) 


s=l 
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gives us a determinant | cix |ï, the value of which is zero for m > n, 
whereas for m < n it is given by 
m B|? Dunay a 


T2225 tes 
| cult = 2 af 
Tis Tarcea Tm 


Srs. <m (Ti Tas eses Tm 





COROLLARY. Let us have two square matrices of order n with elements 
ay, and bip, whilst the numbers cy, are defined by expressions (44). 





We express any minor C l Py Pansi ” of the determinant | cy, |ī in 
terms of the minors of Seeman. ay, |i and | by li. It is easily 
seen that the square array forming the minor C bi Po- +s Pi is the 
product of the rectangular matrices: Shane 

ee tee ea | bigo Page =» Ba | 

nii Opa ss Opan | | bagy -> -> baq | 


and 








pn» apa eony apr l | Dao bng ...? bna 


On applying the relevant theorem, we get the required expression: 








“les te Po sess Pi 
GMs Yor ess > U 

2 {Pe Pa ++-3 Pi) p (7 Ta, see TY ; (49) 

eF <7] Tis Te; wees Ti gis lz, coon Qi 
where the 7, take their values from 1, 2, ..., n. Let Ra, Bp, Re be 
the ranks of matrices || ai |i, || Bix I3, Ilc |li. I£ say Ra < n, and we 
take any Z > Ra in (49), all the A |P} P? >>> Pi] will vanish by defi- 
Tis Taes Ta 


nition of Ra, so that all the C i ees 
li Jar eoq 

it follows that Rc <1, ie. Re < Ra. If || ax |lī is of rank n, it is 
obvious that Re < Ra, since Rc < n. Similarly, Rc < Rg. We shall 
show below that if the determinant |b, |i #0, we have Ro = Ra, 
whilst if | dix i 0, Be = Rpg. 


Pı likewise vanish. Hence 


§ 2. The solution of systems of equations 


8. Cramer’s theorem. Having described the nature and properties 
of determinants, we now turn to their application to the solution of 
systems of first degree equations. We start with the fundamental case 
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when the number of equations is the same as the number of unknowns. 
We can write such a system of n equations with n unknowns as: 


QZ, + ltz +... F Ayr, = bi» 
nT, + l8 +... + antn = by, 


ant + Anzt2 Taret annn = bn» 


the notation for the coefficients being similar to that used in [1] for 
the case of three equations with three unknowns. We shall make the 
assumption that the determinant of the system, i.e. the determinant 
corresponding to the array of the coefficients a;,, differs from zero: 


4=|a%| 40. (2) 


We multiply both sides of the ith equation of system (1) by the 
cofactor of the ith element of the kth column of this determinant, 
i.e. both sides of the first equation are multiplied by ix, both sides of 
the second equation by A, and so on. We add the equations thus 
obtained. The result is an equation, on the right-hand side of which 
we have the sum 


(1) 


Abı T Ab +... + Ann 


whilst the coefficient of the unknown z; on the left-hand side is given 
by the sum 


Antu + Aatu + -H Anim (P= 1, 2 a.. n). 
This latter sum is zero for l + k and equal to 4 for 1 = k, i.e. we 
reduce to an equation of the form 
A -£y = Ayyb, + daba +... + Anrdn- 


On carrying out this procedure for each subscript k, we obtain a sys- 
tem of new equations as a consequence of (1): 


A-a, = Abi + Aabo +... + And, (k=l, 2,..., n). (3) 


It may easily be shown that, conversely, system (1) can be obtained 
as a consequence of (3). All we do is multiply both sides of the bth 
equation (3) by ay, then sum for all k from 1 to n. We again use pro- 
perty V of determinants and clearly arrive at the equation 


A+ (any + lfa +... + lnn) =A -bg (4) 
which, after cancelling the non-zero 4, gives us the lth equation of 


system (1). This procedure is possible for any l. Systems (1) and (3) 
are thus equivalent, and we can solve (3) instead of (1). System (3) 
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yields at once one and only one solution, given by 


ty Ebit Aade H-E Anba (k=1, 2,..., 2). (5) 

We notice that, in view of our discussion in [3], the numerator of 
the expression written consists of the determinant obtained from 4 by 
replacing the elements of the kth column, i.e. the coefficients aig of £p, 
by the constant terms b;. This brings us to the following theorem. 

Cramer's THEOREM. If the determinant A of system (1) differs from 
zero, the system has a unique solution defined by expressions (5). These 
expressions give each unknown as the quotient of two determinants, the 
denominator being the determinant of the system and the numerator being 
the determinant obtained from this by replacing the coefficients of the un- 
known in question by the corresponding constant terms. Cramer’s theorem 
is inconvenient in the case of a large number of equations with many 
unknowns; there are other methods that are approximate but more 
practical, though we shall not stop consider them. 


9. The general case of systems of equations. We take the general 
case of m equations with n unknowns: 
Xy = QT + ArT + eee + Ay; Xp + ay, k+1k+1 + ... + Ainn = bi 
Xa = a21 F loTg F... T Aak F Az, tkt T -o F Conky = ba 
Xp = lat, + aot H.-A aTr F ar, trti +--+ + UnEn = by 
X pp = Okta, 21, T arta, 222 F oo + Agta, KEk + 
F akta, kateta F -o H par, nEn = Opes 


(6) 


X m= lmt: Hamat. ++ Amet Fam, ktkt t - - -F Amnn = bm J 
The complete left-hand side of the sth equation has been written X, 
for the sake of brevity in later working. The coefficients a;, of the 
system form a rectangular matrix, with rank say k. By rearranging 
tbe rows and columns, i.e. re-numbering the equations and variables, 
we can bring a non-zero determinant of the matrix of order k to the 
top left-hand corner. We call this the leading determinant of the system. 
It will have the form: 
Tir Aiz -- -> Aik 
A= B21, Ayo, +--+» Qk f (7) 


Buys Byars +++ Akki 
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We form (m — k) determinants of order (k + 1) which are called 
characteristic determinants of the system and which are obtained from the 
leading determinant by adding a row of coefficients of an equation with 
a number greater than k and a column of constant terms. More precisely, the 
characteristic determinants are defined by the following expression: 


Gy), Aya; sen Bk by 
| azy» Qag; EE Dane ba 
ee EEEE EEIE Nee (8) 
| ap Oye, wees Oty 6, 
Akts, Qkts,2 -<--> @kts,k, Ones 
(e+s=k+1, k+2, ..., m). 


If k = m, i.e. the rank is equal to the number of equations, no cha- 
racteristic determinants exist. We consider the further determinants 
obtained by replacing the last column of constant terms in a charac- 
teristic determinant by the left-hand sides of the equations: 


Qo ho -3 te X 
Gay, Qm ++» l Xe 

EA (9) 
ar a -> ko Xk j 
Akts, 1 Akts, ass Bees w X its 


These determinants contain z; along with the given coefficients air- 
But it is easily shown that determinants (9) are identically zero. Since 
Xj = Oy hy F aita + -e F linin 


the last column of any one of (9) is the sum of n terms, so that, by 
property IV of [3], the determinant can be written as the sum of 
expressions of the form: 


an» Aiz <-> Aye aij 
1» 42) sess Dans Qj 
fee castes ues re EE E 
ak az -o-r Opps akj 
i Tts, 9 Fxts, 22 ++ +2 kts, Tt, j 


The determinant appearing outside z; is soon seen to be zero: if j < k, 
the last column is the same as one of the previous ones; whereas if 
j > k, the determinant is one of order (k -+ 1) appearing in matrix (6) 
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and vanishes because the rank of (6) is k by hypothesis. On subtracting 
the identically zero determinants (9) from the characteristic determi- 
nants, we can write the latter as follows: 


iy Qiz» pees Aik b— Z, | 
a1» Q22, press Boxy b, — X, 

Ap E a A ooo! a a a a pelea ais (10) 
aki» Ako» veces Okk br — Xy 


Akts, o kts, 2 1-227 Bees, k bets — Xr+s 
(k+s=k+1, k+2,..., m), 


the dependence on the z; being merely apparent in this form. We now 
suppose that system (6) has a solution: 
z=, 2 =2,..., t, = 2), 

On substituting z; = af in the last column of (10), we get a column 
of zeros, i.e. all the characteristic determinants must be set equal to 
zero. 

THEOREM I. The necessary condition for system (6) to have at least one 
solution is for all the characteristic determinants (8) to vanish. 

We now prove the sufficiency of the condition and give the method 
for finding all the solutions of the system. Thus, let all the character- 
istic determinants vanish. We take these in form (10) and expand 
by the last column. The cofactor of the element (6,4, — Xx45) is easily 
seen to be the leading determinant 4 which is not zero, and we can 
write the vanishing condition for the characteristic determinants as 


ast) (by — X;) + aft? (by — Xa) +... + aft? (by — Xa) + 
+A (byes — Xngs)=0 (k+s=k+1, 4+2,..., m), (11) 
where the a are numerical coefficients of no interest to us. 


Suppose now that we have a solution of the first k equations and 
that this is substituted for the z; in identity (11). All the differences 


b,—X,, b,—X,..., b, — Xk 
now vanish, and we are left with 
A= (bits — Xu+s) = 0 
or, since 4 #0: 
Bets — Xpres = 0 (Kts=k+1, k+2,..., m), 
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i.e. if all the characteristic determinants vanish, any solution of the 
first k equations must also satisfy all the remaining equations. Thus 
all we have to do is solve the first k equations. 

We take all the unknowns with subscripts greater than k to the 
right-hand sides in these equations, so that they become 


aiti -+ latz + ~- F Atk = By — Oy, piety — +++ — Ahn 
ant, + Dy Ty +...  Ugy By = bz — Oy, k43Tkt1 — +++ — Cann (12) 
Arty F apla +... -H Oy = by — Oy, ttft — +++ — AinZn 

We consider the above as a system for determining T, Ty, ..-, 2. 


Its determinant 4 is non-zero, so that we can use Cramer’s rule to 
obtain a determinate, unique solution. We only need to notice that 
the constant terms here contain Tky ---, n, to which we can assign 
arbitrary values. Cramer’s rule gives us the solution of (12) at once as: 


zj = aj + PQ eat... + iPr, ((@=1, 2,...,8), (13) 


where a, and f are numerical coefficients and Tk, .--, £n remain 
arbitrary. It follows from the above that these expressions in fact give 
the most general solution of system (6) with the hypothesis made 
regarding the vanishing of all the characteristic determinants. 

THEOREM II. If all the characteristic determinants of a system vanish, 
only the equations containing the leading determinant need be solved, 
with respect to the unknowns whose coefficients make up the leading 
determinant. This solution can be found by Cramer’s rule and expresses 
k unknowns, where k is the rank of the matriz of coefficients, as linear 
functions (13) of the remaining (n — k) unknowns, the values of which 
remain entirely arbitrary. All the solutions of system (6) are obtained 
in this way. 

On comparing Theorems I and II, we arrive at the conclusion: 

TueoreM HI. The necessary and sufficient condition for the existence 
of a solution of system (6) is the vanishing of all the characteristic deter- 
minants of the system. 

We remark that, if k = n, i.e. the rank is equal to the number of 
unknowns, there are no z; whatever on the right-hand sides of (13), 
and all the unknowns from z to z, are fully determined. 

THEOREM IV. The necessary and sufficient condition for the system 
to have a unique solution is that all the characteristic determinants 
vanish and the rank of the matriz of coefficients is equal to the number of 
unknowns. 
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It may be remarked that the whole of the above discussion is 
clearly valid for the case when the number of equations is equal to 
the number of unknowns, i.e. m = n. 


Example. We take the system of four equations with three unknowns: 
ao—3y— 2z=-1 
Qe + y— &= 3 
a+4y— 2z2= 4 
5x + ôy — l0z = 10. 


We write down the matrix of coefficients: 


1, —3, — 2| 
lz x- al 
l 4-2 
5, 6, —10|| 








We may easily verify that all the third order determinants in this matrix are 
zero, whilst the second order determinant at the top left corner differs from zero. 
We can thus take the latter as the leading determinant, whilst the rank of the 
system is two. We form the characteristic determinants, of which there are 
two in the present case: 


l1, —3, —1 1, —3, —1 
4,=|2, 1, 3/=0; 4,=|2, 1, 3/50. 
I 4 4| 5, 6, 10 


Both these are zero and the given system is therefore consistent. Hence 
we only need to solve the first two equations with respect to z and y, z being 
taken to the right-hand side: 


z — 3y = 2z — 1 
2z +y =4z 4+3. 
The solution is obtained in the form: 





| roa 

_|4e+3,  1|_ 8 _|2, 4243] 5 

fo eas Seg a eae T 
2, 1 l | 


z being arbitrary. 


10. Homogeneous systems. A system is said to be homogeneous if 
all its constant terms b; are zero. Jf the system has characteristic deter- 
minants, the last columns of these are made up of zeros and they 
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consequently vanish. Obviously, every homogeneous system has the 
solution 
%=2,>...=2,=—0 


which we shall speak of in future as the trivial solution. The funda- 
mental problemfor a homogeneous system is whether or not it has a non- 
trivial solution, and if it has, then what is the total set of such solu- 
tions? We start with the case when the number of equations is equal 
to the number of unknowns. The system becomes here: 


aT F ayoo T». F Ann = 0 


a212 + lT >... T lonn = 0 (14) 


aati F anta +... F annn = 0 

If the determinant of the system differs from zero, there is a unique 
solution by Cramer’s theorem, and this is, in fact, the trivial solution. 
If the determinant vanishes, the rank k of the matrix of coefficients 
will be less than the number n of unknowns, (n — k) unknowns will 
thus have completely arbitrary values, and we shall have an infinite 
set of non-trivial solutions. Hence we arrive at the following basic 
theorem. 

THEOREM I. The necessary and sufficient condition for system (14) 
to have a non-trivial solution is that its determinant vanish. 

A parallel may be drawn between the results obtained for the non- 
homogeneous system (1) and homogeneous system (14). If the deter- 
minant of the system differs from zero, the non-homogeneous system 
has a unique solution whilst the homogeneous system only has the 
trivial solution. Whereas if the determinant vanishes, homogeneous 
system (14) has non-trivial solutions, yet no solution of (1) in general 
exists, since the existence of a solution of (1) requires a choice of 
constant terms such that all the characteristic determinants vanish. 
These parallels are of great significance below. In problems of physics, 
homogeneous systems are encountered when considering free vibrations 
and non-homogeneous systems with forced vibrations; the vanishing 
of the determinant for the homogeneous system characterizes the 
presence of proper vibrations, whereas it characterizes resonance in 
the case of the non-homogeneous system. 

We now turn to a detailed discussion of the solutions of system (14) 
when its basic determinant vanishes. Let k be the rank of the matrix 
of its coefficients, where evidently, k < n. In accordance with the 
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theorem proved in the previous section, we have to take the k equations 
containing the leading determinant and solve these with respect to 
k unknowns. We can assume without loss of generality that these 


unknowns are Tı, ...,2,. The solutions are obtained in the form: 
xj = PY ey + eee + BPT, (=l, 2, weeny k), (15) 
where the pV are definite numerical coefficients and 24, ..., En 


can take arbitrary values. 

A general property of solutions of system (14) should be noticed; 
this is a direct consequence of the linearity and homogeneity and 
may be designated the principle of superposition of solutions. Lf we 
have solutions of the system 


2,= 20; z, = 208; 2, = 28); ...; c= 29 (s=1, 2,..., 2), (16) 


further solutions are obtained by multiplying these by arbitrary 
constants and adding: 


z, = Oye + CaO + OH ...4 Ce (s=1, 2,..., n). 


We use the same approach as in the case of linear differential 
equations [II, 26] and say that solutions (16) are linearly independent 
if no constants C; exist, not all zero, such that we have the equality 
for every s: 


l 
> Ca =0. 
i=l 


We can readily form (n — k) linearly independent solutions of the 
system such that multiplication by arbitrary constants followed by 
addition gives us all the solutions. We return in fact to expressions 
(15) for the general solution and form solutions from these in the 
following manner: we put 2 4, = l and all the remaining Tp+s equal 
to zero in the first solution; in the second solution we put 2,42 = 1 
and all the remaining 2;,,, equal to zero, and so on; in the last, (n — k)th 
solution, we put 2, = 1 and all the remaining 2,4, equal to zero. 
The solutions obtained are easily seen to be linearly independent, 
since each contains one unknown equal to unity which is equal to 
zero in the remaining solutions. We denote these solutions as follows: 


BS DS Bog)... | eam (s=1, 2,..., 2). 


We now take some given solution of system (14), obtained from ex- 
pressions (15) with the particular values: 


Treti = Yet Pitz = Vares +++ t= Yn: 
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It is clear at once that this solution is a linear combination of the 
solutions formed above, in fact: 


Ts = Pept tD + Yrkt gga +.. + Ye) (s =1, 2,..., n) * 


The total number of linearly independent solutions of homogeneous 
system (14) is equal to (n — k) for any choice of linearly independent 
solutions. This point will be raised again later. 

We return to the general case of m homogeneous equations with 
n unknowns. If m < n, the rank k, which cannot exceed m, is likewise 
less than n, and (n — k) unknowns remain arbitrary, i.e. ¢f the number 
of homogeneous equations is less than the number of unknowns, the 
system has non-trivial solutions. 

In general, k < n, and the system only has a trivial solution for k =n. 


11. Linear forms. The study of systems of linear forms is closely 
related to the problem of solving systems of first degree equations, 
A linear form of the variables z,, £, ..., Zn means a linear homogeneous 
function of these variables. Let us have m such linear forms: 


Ys = latı + lpt +... + antn (s=1, 2,..., m). (17) 


These forms are said to be linearly dependent if there exist constants 
Qis Qy ..., An, not all zero, such that we have the identity with respect 
to variables 2,, £} ..-, Zn: 


aY F Yo + ..- + amYm = 0. 


If no such constants exist, forms (17) are said to be linearly independent. 
The coefficients of all the z, must be equated to zero in the identity 
written. Hence the identity is equivalent to the following system of n 
equations: 

Qly F lz + .-. + amim = 9, 

iliz + Qlaz + ~- F amim, = 0, 


©. a ù» è è ù ù’ è s 


Tilin T ln T- - + amimn = 0. 


The forms y, are linearly independent when and only when this system 
of homogeneous equations in a,, a), ...,4m has only the trivial solution. 

The results obtained above lead to a number of conclusions regard- 
ing the linear dependence of forms. If m > n, the homogeneous 
system written certainly has non-trivial solutions and the forms are 
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linearly dependent. The necessary and sufficient condition for the 
forms to be independent is that the rank k of the matrix of coefficients 
ap is equal to the number of forms m. If m =n, i.e. the number of 
forms is equal to the number of variables, the necessary and sufjicient 
condition for linear independence is the non-vanishing of the total 
square (m = n) matriz of apg. We speak in this case of the existence 
of a complete system of linearly independent forms. If m < n and forms 
(17) are linearly independent (i.e. k = m), the system of equations 
(17) is soluble for any values of ys with respect to the variables zy 
whose coefficients form a non-zero determinant of order k; i.e. 
linearly independent forms can take any set of values ys. If k = m = n; 
all the variables z; are defined for given ys. 

We now take k < m. By suitable numbering of the forms ys and 
variables q; we can arrange for a non-zero determinant of order k 
to stand at the top left corner of the matrix of ap, With this, the 
first & forms, Y, Yz» ---, Yk are linearly independent, whilst each of 
the remaining form 4,4, can be expressed linearly in terms of the 
first k forms. This follows because the rank, equal to k, of the matrix 
of coefficients of the first k forms is the same asthe number of forms, 
whence their linear independence. If we take (k + 1) forms y,, Yo ..., 
Yk, Yat, the rank of the matrix of their coefficients is still & and is less 
than the number of forms, i.e. the forms are linearly dependent, . 
so that there exist constants f, such that 


BY + --- +BY + Brite = O- 


The coefficient k+ in this relationship must differ from zero, since 
otherwise the first k forms would be linearly dependent. Hence we 
have a linear expression for y,4, in terms of the first k forms: 

Yeti = — fn - zen e|- A Yr- 


+1 





The number k is called the rank of the system of forms (17). This number 
is equal to the rank of the matrix of coefficients on the one hand, and on 
the other, to the greatest number of linearly independent forms of system (17). 

Suppose we bave k linearly independent forms Yy, Yz ---; Yro 
where k < n. We can assume that the kth order determinant at the 
top left corner of the matrix of a,, differs from zero. This system of k 
forms may easily be extended to become a complete system of n 
linearly independent forms. All we need do is take say 


Yaar = Prp -3 Yn = Tn. 
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The determinant of tbe n forms obtained will be: 


fa fig +++ > Qie Opa +++ > Qn! 


Qaj» Aga, --- + Agps Ae k+ +--3 On| 
Aas Bias +++ > Des OK, kt -+--> kn 
0o D> ..., OF 1,0, ..., 0 
0. 0 ..., 001 ..., OF. 
0, oO ..., 0, 0,0, ...,1 


On expanding this determinant by the last row, then the next to 
the last row, and so on, we see that its magnitude is equal to the kth 
order determinant at the top left corner, i.e. is non-zero. Thus the 
forms Yı, Yz» ---, Yn are in fact. linearly independent. It follows that 
every system of linearly. independent forms can be extended to become a 
complete system of linearly independent forms. 


12, n-dimensional vector space. The results obtained above are open 
to a geometrical interpretation which will be useful later. We introduce 
for this purpose the concept of a vector in n-dimensional space, 
a vector being defined as a set of n (complex) numbers appearing 
in a definite order. Any such vector x is characterized by a sequence 
of n complex numbers, known as the components of the vector: x(t, 
Lo, +--+, Zn). The aggregate of all these vectors forms an n-dimensional 
vector space Rn. 

Two vectors are taken to be equal when and only when all their com- 


ponents are the same, i.e. if u(t, Uy, -.-,; Un) and v(v,, %, ---, Un) are 
two vectors, the vector equation u = v is equivalent to the following 
scalar equations: u, = %; U, = V; .--, Un =V. We next define 


multiplication of a vector by a number and addition of vectors. 
Multiplication of a vector by a number amounts by definition to 
multiplication of all the components of the vector by the number, 
i.e. if vector x has components (2,, Ty, -.-, Zn), vector kx has com- 
ponents (kzi, kr, .-., kzn). Addition of vectors amounts to addition 
of their components, i.e. if we have vectors x(2,, %, ...,2%,) and 
(Ys Y» ---» Yn), their sum x+y has by definition components 
(Ti + Yo Tz + Yo, --+, In + Yn). The null vector is defined as the 
vector (0, 0, ..., 0), all the components of which are zero. We write 
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the null vector as 6. We obviously have @ = Ox, where x is any vector, 
and x +90 = x. Subtraction of vectors is defined thus: the vector 
x— y has components (Ty — 4%, Tz — Yz »- +, Tn — Yn). Obviously, 
x—x=0 and x— y =x + (—l)y, i.e. subtraction of vector y is 
equivalent to addition of y multiplied by (—1). We shall often have 
to write vector equations below. Any such equation is equivalent 
to n scalar equations, expressing the fact that corresponding com- 
ponents of each side are equal. Though we shall not use the symbol 9 
below for the null vector, it must be borne in mind that a zero appear- 
ing on one side of an equation is to be read as the null vector. The 
ordinary properties of addition and multiplication follow at once 
from the definitions given above: 


xty=ytu x+(y+z)=(3+y)+z; 

(ki + k) x= kx + kax; k(x +y)=kx+ ky; k (kx) = (kik) X. 
We can thus transpose or group together the terms in a vector sum 
with any number of terms. From the equation x + y = z, it follows 
that x= z — y and y = z — x, and conversely, from x — y =z it 
follows that x = y + z. 


We now introduce the concepts of linear dependence and inde- 
pendence for vectors. The vectors 


x, x), 02, x0 (18) 


will be said to be linearly dependent if there exist constants C,, ...,C,, 
not all zero, such that 


Cx + Ox +... +C0x0=0. (19) 
If no such constants exist, vectors (18) are said to be linearly indepen- 
dent. We write the components of vectors x9 as (zP, 2, ..., 2%). 


Condition (19) is clearly equivalent to the system of n equations with 
unknowns C,,C,, <- Ok 


eC, T xC, Posset aC, =0 
zO, + 20, +... + 2fPC, = 0 
zC, Hr, +... H80, = 0. 


By using the results obtained above for homogeneous systems, 
we can easily draw a number of conclusions and interpret them 
geometrically. Let us first take | > n, i.e. the number of vectors is 
greater than the number of spatial dimensions. With this, the number 


(20) 
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of equations in the homogeneous system (20) is less than the number of 
unknowns, ‘and, as we know, the system certainly has non-zero 
-solutions for the C;, i.e. the vectors are certainly linearly dependent. 
In other words, the number of linearly independent vectors is at most 
equal to the number of dimensions. We now take the case Z = n. Here 
system (20) contains as many equations as unknowns and has non- 
zero solutions when and only when its determinant vanishes, i.e. if 
we have n vectors in n-dimensional space, and form a determinant 
from the n? components, locating say the components of a given 
vector in a given column, with the rows having the same numbering 
as the components, the necessary and sufficient condition for linear 
independence of the vectors is the non-vanishing of this determinant. 
The magnitude of the determinant is analogous to the volume of a 
parallelepiped in real three-dimensional space. 

We can consider the elements (bik, boy, ..-, bng) of each column in 
any determinant | bj, | of order n as the components of a vector b”, 
the magnitude of the determinant being here a function of the n 
vectors bh), ..., bh“. The vanishing of the determinant is equivalent 
to the fact that the vectors are linearly dependent. 

The magnitude of the determinant, considered as a function of 
vectors b™, is written 


[bul =A (b, b®, ..., Bt”), 


On recalling that the magnitude of a determinant changes sign 
on interchange of two columns, we can say that the function 4 
merely changes sign on interchange of two of its arguments. Such a 
function is usually said to be anti-symmetric. It may readily be seen 
that for instance the Vandermonde determinant D,, considered 
in [5], is likewise an anti-symmetric function of its arguments z,, 

s In 

We return to system (20) and the question of the linear independence 
of vectors x, ..., x on the assumption that 1 < n. Let k be the 
rank of the matrix formed by the components 2, If k=l, as wesaw, 
the system has only the trivial solution, i.e. the vectors are linearly 
independent. Whereas if k < l, the system certainly has a non-trivial 
solution, i.e. the necessary and sufficient condition for vectors to be 
linearly independent is for their number to be equal to the rank of the 
matriz formed by their components. We now assume k < l, i.e. the 
vectors are linearly dependent. We distinguish among these the k 
vectors whose components contain a kth order non-zero determinant 
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(there may be more than one way of doing this). By what was proved 
above, these k vectors are linearly independent. Each of the remaining 
vectors is easily seen to be linearly expressible in terms of the chosen 
vectors. In fact, let x, ..., x be the linearly independent vectors. 
On associating with these any vector xt, we get (k + 1) vectors, 
which will be linearly dependent, since the rank & of the matrix of 
their components is less than the number l = k + 1. Hence constants 
C, @=1,2,...,%, k +8) will exist, not all zero, such that 


Cx + Ox 2. + Ox + 0,4 x09 = 0. 


We certainly have Ck4s #0 here, since otherwise vectors x, 








x®, ...,x would be linearly dependent. Hence the equation gives us 
x) a a Ou yay 2 Fe ay Sw 
Cys Ok-s ` k+s 
ie. x*+9 is expressed linearly in terms of x™®, ..., x. Let x, 


x, ..., x™ be any n linearly independent vectors. We can take as 
an example of these: l 


(1, 0, 0,... 0); (0, 1,0,...0); ...; (0, 0, 0,..-, 1). (21) 


If we take any vector we please, x, the (7 + 1) vectors x), x®), Seley 


x, x are in fact linearly dependent, as we have seen: 
Ox + 0x +... + Ox + Cx =0, 


the constant C being unquestionably non-zero, since otherwise vectors 
x™, ...,x would be linearly dependent. It follows from the above 
that any vector x is expressible linearly in terms of n linearly independent 


vectors: 
x= a,x + ax 4 ...+ a (a, = a ; (22) 


It may easily be seen that the expression for x interms of x, x, ..., 
x is unique. If, in addition to the above expression, there existed 
the further expression 


x= Px + Bx@ +... + Bx, 


where the f, differ from the corresponding as, subtraction of the two 
expressions would give us 


(a, — By) x + (a, — By) x + .-. + (am — Ba) x =0, 


i.e. vectors x, ...,x are linearly dependent, which is false. If we 
take vectors (21) for x, ...,x, the a, in (22) are evidently the 
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components zs of the vector x(x, Ty, ..., 2%). We can also speak of 
the a, as the components of x in the general case, when x, x, ..., x 
are taken as the fundamental vectors. On assigning all possible complex 
values to the numbers as, we obtain all the vectors of our n-dimensional 
space. We now suppose that we have k linearly independent vectors 


x), x@), Sks xí”, (23) 
where k < n. The set of vectors obtained in accordance with 
y = Ox + 0a... + Ox, (23,) 


where the C, are arbitrary constants, is said to form a k-dimensional 
subspace Ly. It can be shown as above that any vector belonging to Lp 
is uniquely expressible in terms of x x®, ..., x. In other words, 
vectors (23) form a subspace Lp. 

We notice that, if any vector z belongs to L,, i.e. is expressible 
by an equation of type (23,), the vector cz, where c is any constant, 
is evidently also given by an equation of type (23,), ie. also belongs 
to Lr Similarly, if 2“ and z® belong to Lp, their sum 2 + 2 
also belongs to L. Hence a more general property follows at once: 
if vectors z, z®, ...,2 belong to Ly, any linear combination of 
them, yz? +yz? +... + ypz” also belongs to Ly. 

We take any m vectors belonging to Ly: 


y = CO + OMx@+...4+ Cx (s=1, 2,..., m}. (24) 
In view of the linear independence of vectors (23), a relationship of 


the form 
Hy + ay +... any” = 0 


is equivalent to a system of k homogeneous equations in a,, a, ..., ax! 
a,0M + 4,02 +... + a,0™ =0 (q=1, 2,..., k). 


If this system has a non-trivial solution, vectors (24) are linearly 
dependent. In particular, if m > k, non-trivial solutions certainly 
exist, i.e. any set of more than k vectors of the subspace formed by 
vectors (23) is a linearly dependent set. It follows at once from this 
that the subspace formed by linearly independent vectors (23) cannot 
be formed by using a set of linearly independent vectors z®, ...,2, 
the number of which is 1 < k. For otherwise, by what we have proved 
above, there could not exist more than / linearly independent vectors 
in the subspace, whilst on the other hand, the linearly independent 
vectors (23), the number of which, k, is greater than J, have to belong 
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to the subspace. If we take any k linearly independent vectors u™, 
u®, ..., 0%, belonging to Ly, they form, in the sense indicated above, 
the same subspace Ly. 

This follows because, by definition of subspace, any linear com- 
bination 

Cy + Cyn +... +E, 

belongs to L,. Whereas if we take any vector y of Lp the (k + 1) 
vectors u™, ..., a, y belong to Lyand are therefore linearly depend- 
ent, by the above: 


Ba + pa + ... + Bu + yy = 0, 


1) 
, 


where y must be non-zero since u", ..., u“ are linearly independent. 
This gives us the result that any vector y of Lẹ can be expressed 
in terms of n™, ..., u™, i.e. these latter vectors in fact produce Ly- 
If m = k in expressions (24), and the determinant of the coefficients 
oe differs from zero, y®, ee y” must be linearly independent 
vectors of Lr. It is easily shown that in general the number of linearly 
independent vectors yielded by expressions (24) is equal to the rank 
of the matrix of C@. 

We saw above that if a vector z belongs to a certain subspace L, 
the vector cz, where c is any constant, also belongs to L; and if x 
and 2 belong to L, their sum also belongs to L. We might have 
given another definition of subspace, viz, a subspace is a set of vectors 
such that, if z belongs to L, cz belongs to L, whilst if z and z® belong 
to L, (2 + z®) also belongs to L. An immediate consequence of this 
is that any linear combination of vectors belonging to L also belongs 
to L. We have just seen that the properties forming part of the new 
definition follow as corollaries from the first definition. We can show 
conversely that the first is a consequence of the new definition, i.e. 
the two definitions are equivalent. 

Let x” be a certain vector belonging to L. By definition of L, 
vectors C, x, with arbitrary C,, also belong to L. If L is altogether 
exhausted by these vectors, we must have L; in the previous sense. 
If this is not the case, and a vector x®), linearly independent of x, 
appears in L, the vectors C, x® + C,x®, with arbitrary C, and C,, 
belong to L. If L is altogether exhausted by these vectors, L is an L, 
in the previous sense. If the opposite is the case, an x® appears in L, 
such that x, x@, x9 are linearly independent. By proceeding in this 
way, we can exhaust L completely by means of a finite set of linearly 
independent vectors, the number of these being not greater than n. 
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The greatest number k of these linearly independent x“ gives us the 
dimensions of the subspace L. If it happens that k = n, L coincides 
with the total n-dimensional space. 

We note a point in connection with the formation of subspaces. 
Let the vectors x, x®, ..., x be linearly dependent. We can now 
say, as before, that formula (23,) defines a subspace L. Let the first 
l vectors: x, x®, ..., x, be linearly independent, whilst each of 
the remaining vectors: x“t”, ..., x can be expressed linearly in 
terms of the first 7. The set of vectors defined by (23,) is now clearly 
the same as the set defined by 

y= Cx 4+ 0a +... + CxO, 
i.e. the subspace L defined by the linearly dependent x, ..., x™, 
is 7-dimensional (l < k). 

Let us take real three-dimensional space and agree to measure 
vectors from a fixed point O (the origin). Here, n = 3. With k = 1, 
the subspace L, is a straight line passing through O, whilst L, is a 
plane passing through O. 


13. Scalar product. We use the following notation: if ais a complex 
number, @ is the complex conjugate of a, and |a| is the modulus 
of a. We thus have aa = |a |. If a is real, a =a and |a} = a?. 
We now introduce a new concept, of great importance for what follows. 

DEFINITION. T'he scalar product of two vectors 

K (2, Za -s En) and YA Yo --- + Yn) 
is defined as the number represented by the sum 


n 
> ts: 
s=1 
We shall denote the scalar product by the symbol (x, y). We have: 


n n 
(x y) = J tfs; (y: x)= Sy, F5. 
g$=1 


S=l 


whence it follows that 
(y: x) = (x,y) - 


We say that two vectors are perpendicular or orthogonal to each other 
if their scalar product is zero. Inasmuch as the conjugate of zero is 
zero, the order of the vectors in the scalar product has no importance as 
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regards the condition for orthogonality. Obviously, the null vector 
(0, 0, ..., 0) is orthogonal to any vector x. 
The properties 
(ax, y) =a (x, y); (x, ay) = a (x, y), 
where a is a numerical factor, follow at once from the definition of 
scalar product. Furthermore: 


(x+y, z)= (3,2) + (y2); (x y+ z) = (x,y) + (x2), 


the distributive law being valid for any number of terms. We have, 
for instance: 


(x+y, aty) = (xu) + (xv) + ya) + yy). 
We form the scalar product of x(x, %, ..-, Zn) with itself: 


n n 

(x, x) = DTT = lz P. 
Sæl - sal 

We thus get a real number, positive for non-zero vectors x, and zero 

for the null vector (0, 0, ..., 0). The square root (numerical value) 

of the real number (x, x) is called the norm or length of vector x. On using 

|! x || to denote the norm, we can write: 


lxi? = (x, x) = lnt; Iz= VÆ =| 31st. 


3=1 
The equation ||x|| = 0 is equivalent to the fact that x is the null 
vector. Suppose we have three mutually perpendicular vectors x, y 
and z, i.e. 
(x,y) =0; (x,z)=0; (y,z)=0. 


On using the distributive law for scalar products and taking into 
account the equations written, we get: 


(xtyt+z,x+y+z)=(xx)+(y,y) + (z, 2) 


[x+y +2|P =ijxlP + ly IP + zii- 
This expresses the theorem of Pythagoras. It is valid for any number 
of terms, with the essential proviso that the terms are orthogonal in 
pairs. We show that if the vectors x, x, ..., x, none of which is 


the null vector, are orthogonal in pairs, they are linearly independent. 
We take 


or 


SOx =0 


s=l 
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and show that all the numbers C, must be zero. We form the scalar 
product of both sides of this equation with x, where k is one of the 
numbers 1, 2, ..., 1: 


t F 
C, (x, x) = 0. 
> ( ) 


Since pairs of the x® are orthogonal, we have (x, x) = 0 
for s Æ k; hence the above equation gives: Ox”, x) = 0, ie. 
Cr ||x™ |2 = 0, whence, since || x ||? > 0, it follows that Cp = 0, 


this being true for any choice of k. 


14. Geometrical interpretation of homogeneous systems. We take the 
homogeneous system 


Oy, 2i + lito +... + lin Tn =O 
Og, Ly F O2 Ta T. - - + Azn Lp =O (25) 


e.. oos oboea sola lna 


Ony Ly F Ang Tz +... + ann Zn = 0. 


We bring in the vectors 


a (Ti Tio - - -s Ein); ©. -3 AM (Tny Ano - - -> Onn)» (26) 
System (25) can now be written in the compressed form: 
(x, a) = 0; ...; (x,a™®) = 0, (27) 


so that the problem amounts to finding a vector x, perpendicular 
to all the vectors a®. If the determinant | a,,| differs from zero, 
the determinant | a;, |, with conjugate magnitude, also differs from 
zero. In this case, the vectors a” are linearly independent, and 
system (27) only has a trivial solution, i.e. there exists no vector 
(apart from the null vector) which is simultaneously perpendicular 
to n linearly independent vectors (in n-dimensional space). 

We now take the case when the determinant of system (25) vanishes, 
Let the rank of the system be k. If a matrix is formed of the conjugate 
elements, the determinants appearing in it will be conjugate in 
magnitude to the determinants appearing in the array of aiu and 
the rank of the conjugate matrix will also evidently be $. Hence, by 
what we have shown above, there will be & linearly independent 
vectors among the a”, the remainder being linear combinations of 
these. We can suppose without loss of generality that these linearly 
independent vectors are 


a®, .., al, (28) 
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whilst for the remainder we have expressions of the form 
alt+s) — B+) aM 4 + pea (b+ s=k+1,b+2,...,2), 


where the 8 are numerical coefficients. It now follows at once that 
if x is orthogonal to vectors (28), it is perpendicular to all the 
vectors a. In fact: 


k E 
(x, at) D (x, AE aO) 


and the sum as a whole is zero since each individual term vanishes 
by hypothesis. It is thus sufficient to solve the first k equations of 
the system. Assuming, as usual, that a non-zero determinant of order 
k is at the top left corner, we get (n — k) linearly independent solu- 
tions x™, ..., x—" for the required vector x by the method indicated 
in [12], and every solution will consist of a linear combination of 
these (n — k) vectors. We can say in our present case that the vectors 
given by 
y=C,a+ ...+C,a®, 

where the C; are arbitrary constants, form a k-dimensional space Ly 
which is in fact a subspace of the total n-dimensional space. In the 
same way, the vectors obtained, x, ..., x", form an (n— k)- 
dimensional subspace My». The subspace Mn- is orthogonal to 
the subspace Ly in the sense that any vector of Mn- is orthogonal 
to any vector of Ly (and conversely, of course). The subspace Mn-k 
consists of the vectors which satisfy system (27), i.e. are orthogonal 
to a, a?) .. og a“ The n vectors a®,.. 35 a”, x), IEAA x” ™ are 
readily seen to be linearly independent. For suppose, on the contrary, 
that a relationship exists between them: 


(cpa + 22. fog a®) 4+ (dx +... dpp O) = 0. (29) 


The first bracket yields a vectora of Ly, and the second a vector x 
of 1f,-,, and we now have a + x= 0 or a= —x. But a and x are 
orthogonal to each other, i.e. a must be orthogonal to itself, in 
other words, (a,a) = 0 ora=0O which means that a is the null 
vector. The same can be said of x. Hence: 


c a® + eee + Cy a —0 and d, xO + eee +d,,x%=0. 


But a, ..., a are linearly independent by hypothesis, and all the 
constants cs must consequently vanish; and the same can be said 
as regards the d,. All the coefficients in (29) therefore vanish, i.e. 
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vectors a, ..., a x@, ..., x" are in fact linearly independent. 
Every vector x can be uniquely represented in the form 


x= (ya +... + y,a®) + (6x94 22. 46, 2-4), 


the first bracket giving the vector belonging to Ly and the second 
the vector belonging to M,_,. As we have already mentioned, the 
vectors that compose M,-_, are all the possible solutions of system 
(27), and hence, whatever the choice of the total system of linearly 
independent solutions, the number of these solutions is equal to 
(n — k), i.e. equal to the number of dimensions of Jf,-,. The earlier 
discussion of homogeneous systems leads to the following important 
result. 

If L, is a k-dimensional subspace (k < n), the vectors orthogonal to it 
form an (n — k)-dimensional subspace Mn, and every vector x of Rn 
can be written as the sum x = y + z, where y belongs to L,andzto Mnr. 

We show that the representation of x as a sum is unique. Suppose 
that, in addition to the above, we have x = u + v, where u belongs 
to LZ, and vy to Mnr. We want to show that u = y and v = z. We have: 
y +z = u + v, whence y — u = v — z. The difference y — u belongs 
to L,, whilst v — z belongs to M,_,, whence it follows that y — u is 
orthogonal to itself, i.e. (y — u, y — u) = 0 or || y — u || = 0,80 that 
y—u=0 and y =u. Since y — u = v — z, it now follows that 
v=z. In the representation of x as x =y + z, y is known as the projec- 
lion of x on the subspace Ly. The vectors y and z are orthogonal, and 
Pythagoras’ theorem gives: ||x|/?=|| y ||? + ||z|[?, whence we have 
lly l| < || x ||, the sign of equality being obtained when and only when 
zis the null vector, i.e. when x belongs to Lz, so that y = x. Similarly, 
lzi] < ||x||, and the sign of equality is obtained when and only 
when x is orthogonal to Lr, i.e. z= x. We usually describe Ly and 
Mn- as complementary orthogonal subspaces. Lf k = n, Ln is the whole 
of Kn, whilst M, reduces to the null vector. 

Let us take real three-dimensional space that we discussed above, 
and let k = 2, so that n — k = 3 — 2 = 1. The subspace L, is a 
plane P, passing through the point O, whilst M, is a straight line 
passing through O and perpendicular to P. Any vector can be uniquely 
represented as the sum of two vectors, one of which lies in the plane P, 
whilst the other is along the line K. We have interpreted geometrically 
the solution of a homogeneous system in the case when the number of 
equations is equal to the number of unknowns. The general case can 
be treated in precisely the same way, when the number of vectors a®) 
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is not necessarily equal to n. Similar remarks apply as regards the 
next article. 


15. Non-homogeneous systems. We take the non-homogeneous 
system: 
Qrt F Aya Ty + -.. + ainn = b, 
azy 23 F Ogg T3 F - - - F Aon ty = bo 


aese dln ‘llla 


Qa Ly Nyy Ly -+ am Tn = bp- 


This can be interpreted as the problem of finding the vector 
X(T, Ta +++, Zn) from the system: 

(x, a) =b;... ; (x, a) = br- (31) 
given the vectors (26). 

Lf the determinant of the system differs from zero, Cramer’s theorem 
provides a unique solution. Suppose the determinant vanishes and 
the rank of the matrix of its coefficients is k, a non-zero determinant 
of order k being situated at the top left corner as usual. Along with 
system (30), we write down the system of homogeneous equations 
whose coefficients are obtained. from the coefficients of the given 


system by replacing rows with columns and all numbers with their 
conjugates. The system will take the form: 


(30) 


By Yy + aY + --- FO Yn =O 
iYi + Gon Yo + --- G29, = 0 


ee aall’ ‘l 


Fn Yy T Fon Y2 + --- T FanYn = 0. 

As before, the matrix of its coefficients has rank k and a non-zero kth 
order determinant stands at the top left corner. The homogeneous 
system is known as the adjoint of system (30). We have seen above 
that its general solution is a linear combination of (n — k) solutions 
(vectors) which can be obtained, for instance, by using Cramer’s theorem 
to solve the first k equations with respect to y,, .--., Yk, the remaining 
Yr+s being put equal to zero except for one which is put equal to unity. 
This method brings us, with Yk = 1, to the system: 


(32) 


Gy Yy + a Yat -o Pa, = — Gear 


E tr ee ee he 
AYT Gon Yn T --- T Ük Yn = — 41,25 


Gir Yı Bae Yn F --- TO Ye = — Mar, - 
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On solving this system and taking conjugate values, we get: 


n=-  (m=1,2,...,k) (33) 
Fraa = 13 Frp = Frys =- = Yn 5 9; 
where 
Qir Azp -- - : Oey 
Ae Qiz, Ao, +++ s Aka #0, 
| Airs Aap, +--+ 3 Akk 
and Anis found from 4’ by substituting @,4,) - - -, Ak+pk for the elements 


of the mth column. We write the condition for vector b with compo- 
nents (b,, - - -, Ön) to be perpendicular to the y which we have obtained 
just now by solving system (32): 


k A 
ONS 2 a m T Ops = 0 
or. 
k 
kag > mbm + sbk} = 0- (34) 


5 mal 
On interchanging rows and columns in the determinant Am then 
moving the mth row’ to the final position with the aid of (k — m) 
interchanges of subsequent rows, we get: 





Qi» Qiz,» » Aik 
am—1,1? Gm—1,2: +--+ » m=1,k 
ee | k+1 
— An =) Omit: Omei2> `- -+ Ampa |© (—1) eee 
| xa» Bro» +--+ Uy 
| Aki Beers -eo Mere | 


This is precisely the cofactor of the element bm in the characteristic 
determinant: 


| io Aye, » Gir» by 
A = 
k+1 Aky? Bros -. -> Akk By , 
Akt, 1? Žk+l,2? +0’ bkt Oped 





so that condition (34) in fact expresses the vanishing of the character- 
istic determinant. Similarly, with Yp}s = l1, we get the condition 
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Aras = 0. We thus arrive at the following result: ¿f the determinant of 
system (30) vanishes, the necessary and sufficient condition for the system 
to have a solution is that the vector (b,,..-, bn) should be orthogonal to all 
the vectors yielding solutions of the homogeneous adjoint system (32). 

The general solution of system (30) is the sum of any particular 
solution of the system and the general soution of the corresponding 
homogeneous system obtained by replacing all the b; in (30) by zeros. 
The general solution of the homogeneous system will contain (n — k) 
arbitrary constants. 

A further geometrical interpretation of the basic theorem regard- 
ing the solution of systems may be pointed out, since it is of importance 
later. Let us take n linear forms with n independent variables: 


We shall suppose that the zs can take any complex values, (Yı, ..-, 
Yn) being regarded as the components of a certain vector. If the deter- 
minant | a, | is not zero, we get definite values of 2, for any given Yr, 
and the previous formulae yield the whole of the n-dimensional space 
y- Now let the matrix ||a;,|| have rank r < n. We can assume without 
loss of generality that the 7th order determinant at the top left corner 
is not zero. With this, the basic theorem regarding the solution of 
systems tells us the following: the set of values (y,, -.-, Yn), obtained 
in accordance with the previous formulae, possesses the property 
that the values y,, ..., Yp may be chosen arbitrarily, yet once these 
are fixed, the remaining y,,;, - - -, Yn are fully defined, being obtained 
from the vanishing condition for the characteristic determinants. This 
means in geometrical language that the previous formulae yield an 
r-dimensional subspace, formed by the vectors that are obtained by 
putting one of the y,(s = 1, 2,...,7) equal to unity and the remainder 

-equal to zero. All in all, then, if the rank of matrix || a, |! is 7, the 
previous formulae yield a set of values (y,, ..-, Yn) defining an r-dimen- 
sional subspace. 

We have taken the case when the number of linear forms is equal 
to the number of variables z,. We have in the general case: 


Yı = Ay Ty > --- $A, 


Ym = amti --- + Amn Zn: 
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With arbitrary zs, these formulae now define a subspace in the 
m-dimensional space, the number of dimensions of the subspace being 
equal to the rank of || aj, ||. The proof is the same as above. 


16. Gram’s determinant. Hadamard’s inequality. Let us take m vectors: 
x) (x, x, ete x) (8 =1, 2,...,m). 
We form the mth order determinant of the scalar products (x'?, x) and 
introduce the special notation: 
G (x0, x@), ..., x) = | (x9, x) | m= 
f (x@, xl), (x0), x@)),..., (x), x(™)) 
=| a, x0), (x, x@)),..., (x@, x) ; (35) 


Jove eee eee eee eee eee eee 
| (x, 10), a, 1), 2, (a0, x) | 
This is known as the Gram determinant of vectors 
x), 29, xl), 
We distinguish the cases 
m=n m<n and m>n. 
The general term of the Gram determinant has the form 
n — 
(2, 2%) = Jt. 
s=1 


With m = n, determinant (35) is equal to the product of the determinants: 


aP, P, naL | | 28,9, -pa 
x2, xP), sees x? _ xD, x2), > xf) ; 
xi, aM, 3 | | 3,3, x 


the multiplication rule of rows by columns being used. On noticing that the 
determinants are unchanged in value on interchanging rows with columns, 
we can say that the second factor is the complex conjugate of the first, so that 
with m = n the Gram determinant (35) is equal to the square of the modulus 
of the determinant | x{) |?, formed by the components x{) of veetors x,, x, 
+++, Xp. Hence determinant (35) is positive if the vectors are linearly independent, 
and zero if they are linearly dependent [12]. With m Æ n, we have two rect- 
angular matrices: 


— == £ 
xP, xP, ..., x I9, xP, 22,24” 

2) (2) (2) WD. 2 (my 
Xj- Nyy +--+ Ee 1 (36,) and | %2> o-o f, (36,) 
xi, xf, tem) xD, x), tn) 
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and the matrix corresponding to determinant (35) is the product of these two last 
matrices [7]. By the theorem proved in [7], determinant (35) vanishes for 
m > n. In this case, however, vectors x), x, ...,x'™ are linearly dependent 
[12]. With m < n, we have by the theorem proved above: 





G (x, exo) = > zÍ 1,2,...,m aeons | 
Lr... <I Ty Tes slp 1,2, ..., M 

where x( 1, 2 z1 M| denotes a minor of array (36,), and Y k E fel 

Tir Tay eee 0 1, 2,...,™ 

a minor of (36,). As above, the Y here is the conjugate of the X, and the last 

equation can be written: 

= 12 

G (2,2, 2,2 = > x( eee (37) 
nL... <T Poteca al] 





If x9), x®, ..., x" are linearly independent, the rank of matrix (36,) is equal 
to m [12], and at least one of the non-negative terms on the right-hand side of 
equation (37) is positive. If the vectors are linearly dependent, on the other hand, 
the rank of matrix (36,) is less than m, all the mth order determinants appearing 
in the matrix vanish, and (37) implies that G(x"), x”, ..., 2°) = 0. Thus all 
three cases: m = n, m > nand m < n, lead us to the following general theorem: 

THEOREM. The Gram determinant G(x", x, ...,x°™) is positive if the vectors 
x), x, ..., x" are linearly independent, and zero if they are linearly dependent. 

We now prove a further formula for the Gram determinant. As a preliminary, 
we decide on the following notation. Let x be any vector of Rp and let the expan- 
sion be valid: x = y +z, where y belongs to the subspace defined by vectors 
xD, x, ..., x°, and z is perpendicular to this subspace. We want to prove 
that 


G (x, x, 222, x, x) = j2 PG (x, x, 2, 10). (38) 
On taking into account the equations 
(2, x) = (2, y); (x, 2) = (y, x) 


which follow from the orthogonality of x to all x“, and the equation (x, x) = 
= (y, y) + (z, z) [13], we can write: 


G (x, x, ..., x™), x)= 


p(x), ee, 2), ae), x), (x, y) 
(x), x), a8, x), vung (xP), x), (x®), y) 

Se gs S E EEE E dan nem 
| (x), x), a, x), o (x), a), a, y) 

' (y, x), (y x®)), Le | (ys x), (y, y) + (z, z) 


On writing the elements of the last row as 


(y, x) +0, (y, x) +0, ..., (y, x) +0, (y, y) + (z z) 
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then expressing the determinant as the sum of two.determinants in accordance 
with property IV of [3], we get 
G (x, x, 2.2, x x) =G (x, 9, 0., 0, ), y) + 


| x, x), (x, x, o., at, vin, (x, y) 
| (x, x), (x@, 2), 222, G, x), (xe y) 


(39) 


J- 
a: 
E 
“n. 
Ke 
T: 
Han 
EOS 
A 
g: 
Mt 
a. 
Ses 
T. 
a. 
ao 


0, 0, >e” 0, ee 


The vector y belongs to the subspace defined by x”, ..., x" and is therefore 
linearly expressible in terms of the x; thus, by the theorem just proved: 


G (x, x), tees 1, y)=0. 


On expanding the determinant of (39) by the last row, we in fact get (38). 
The inequality: 


G (x, x), x, x) < |x G (x, x), ..., 10). (40) 


is an obvious consequence of (38). It may be remarked that, if the 2 are 
linearly dependent, we have 


G (x, x), 2.x, x) = (2, x, 2, x) = 0. 


If the x are linearly independent, the sign of equality is obtained in (40) 
when and only when y = 0, i.e. when x is orthogonal to all the x, 

Repeated application of inequality (40) to the original Gram determinant 
G(x, xe, ..., x) gives us 


G (a, a, 2™) < fx FPR. pae. (11) 


It must be borne in mind here that G(x) = |] x‘? ||?. 

We have the sign of equality in (41) when and only when any two of the 
vectors are orthogonal (on the assumption that none is the null vector). This 
inequality leads easily to an inequality applicable to any determinant. Let 
4 be an nth order determinant with elements a;,. We shall look on the elements 
of the ith row as the components (Gn, Giz ...,@;,) Of a vector x® of R,. We 
form a new determinant with Gig, the conjugate elements to the aip, this deter- 
minant being obviously equal to 4. The product of A and 4, multiplying rows 
by rows, is the Gram determinant G(x), ...,x™), its value being equal to 
4A, i.e. | 4j2, by the theorem regarding the multiplication of determinants. 
Application of inequality (41) now leads us to Hadamard’s inequality for the 
modulus of a determinant: 


n 
14E < Š laut- > jagt.. «> lamt- (42) 
k=l 


km1 Ps) 
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If 4 has real elements, we can write: 


n 


<> aig. Sa akk.. + a Oi (43) 


k=l k=1 
If the elements of the determinant satiafy 
| ain] <M (G, k =1,2,...,n), 


it is obvious that 
n 
Pa ik! F< nM?, 


and we now have from (42): 
[4] <n"? M". (44) 


It follows from our remarks above that the sign of equality is obteined in 
(42) when, and only when, any two of the vectors x" are orthogonal. 

We can obtain further inequalities for Gram determinants on the basis of 
a generalization of inequality (40). 

Let X, Y, Z denote respectively sets of vectors of Rp. The generalization in 
question has the form: 


G(X, Y,2Z)G(X) < G(X, Z)G (X,Y). (45) 


This does not exclude the case of an empty set, i.e. one containing no 
vectors at all. If W is any such set, we have to take G(W) = 1. 

On the basis of this inequality, we can write the following for Gram deter- 
minants: 


m 1(m—2) 
G (al, 20), ., 2) <| TT 6 ®, 22, x), x9, 0, | l 
k=1 


where JI is the product sign. Repeated application of this last expression leads 
to new expressions in which the Gram determinants contain a smaller number 
of vectors. In all these expressions, the sign of equality is obtained when, and 
only when, any two of the vectors are orthogonal. The expressions just given 
are due to M. K. Fage (Dokl. Akad. Nauk SSSR, 1946, 54, No. 9). 


17, Systems of linear differential equations with constant coefficients, 
We apply the results obtained to the problem of integrating systems 
of linear differential equations with constant coefficients. We take 
the system: 


x = üy 3 + Qt +. - T 
Ry = lz, Ky F Ogg X9 F. «+ Agnăn a 


(46) 


r 
In = lm X1 F ana Xz F- -F annn 


17] SYSTEME OF LINEAR DIFFERENTIAL EQUATIONS WITH CONSTANT COEFFICIENTS 59 


where the z; are required functions of t, the z; are their derivatives, 
and the a are given constants. We shall seek a solution in the form: 
z= bet; t, = be; ...3 2a = bpe”. (47) 
On substituting in system (46) and cancelling the factor e”, we get 
a system of equations defining the constants b, ..., bn: 
(G4, — 4) by + Qiz bg +... + On 5, = 0 
Gy by + (22 — A) bz + --. + Gand, = 0 (48) 


am bi + Ong bz +... + (ann — A)b, = 0. 


Since a non-trivial solution is required for the unknowns 6,, the deter- 
minant of this latter system must vanish, i.e. we have an equation of 
the form 


yy — A, Ay, +++) An 
Gy, Ig, —A, ..., agn — 0. (49) 
| a ore Oa À 


for the constant A. 

An equation of this type is generally known as a secular equation. 
It is familiar in the study of unconstrained vibrating mechanical 
systems in the particular case when the matrix of coefficients aj, is 
symmetrical, i.e. aj, = Agi, and all the coefficients are real; this is a 
matter that we shall discuss later in connection with small vibrations. 
For the present, we shall discuss the general case. Equation (49) is 
an algebraic equation of degree n with highest term (—A)"; if it has 
n different roots: 

A=A;3 ..-3 A=A,, 


substitution of each root 4; for å in the coefficients of system (48) 
gives us n homogeneous equations for the corresponding },,...., On 
with a vanishing determinant, so that a non-trivial solution in fact 
exists. Hence we have, from (47), n linearly independent solutions of 
system (46), and a linear combination of these yields the general 
solution of the system. If secular equation (49) has multiple roots, the 
solution of the problem is more difficult: to each root of (49) of mul- 
tiplicity k there must correspond k linearly independent: solutions of 
system (46), one solution having in fact the form (47), whilst the 
remainder in general contain a polynomial in ¢ as a further factor. 
It must be remarked that the possibility does occur here — as is not 
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the case with a single equation with constant coefficients [II, 40] — 
of more than one (perhaps every) solution corresponding to a multiple 
root having the form (47). We shall not stop to consider this matter 
in more detail because a different method will later be used for solving 
system (46), based on the theory of functions of a complex variable. 


We return to secular equation (49) which is fundamental to our problem. 
The solution, even if approximate, of this equation presents practical difficulties 
for large n, due to the fact that the unknown 4 appears along the diagonal and 
not in a single row or column. Expansion of the left-hand side in powers of 4 
requires a large number of computations, as indicated above in [4]. We shall 
describe a method of transformation of equation (49) to a form more convenient 
in practice, by means of which the unknown å is brought into a single column. 
This method is due to Prof. A. N. Krilov, who gave the first exposition of it 
in his article “The numerical solution of equations determining the frequencies 
of small vibrations in material systems in engineering” (Izv. Akad. Nauk 
SSSR, 1931). . 

We form a linear combination of the required magnitudes: 


E= Og, By + Ape Ly P+. ++ Gon Tp (50) 


where the a,j are numerical coefficients chosen in any manner. We now dif- 
ferentiate equation (50) 2 times with respect to t, each time replacing the deriv- 
atives x’; on the right-hand side by their expressions from system (46). We 
get the (n + 1) equations: 


Ê= agt, + Gye, +- -+Haon Tn 
E = ann Flete +--+ Un Tp 
a arte e wee es ee SS a ala e a aga (51) 


Let the determinant formed from the coefficients a; appearing in the first 
n equations differ from zero. The first n equations then give us expressions for 
the z; in terms of £, é’, ..., &*-D, and substitution of these expressions in the 
last equation gives us an nth order equation for ¢. Elimination of the x; from 
the (x + 1) equations (51) can be carried out directly with the aid of determinants. 
We first re-write these equations as 


ETa + Gg, Tı + Op Te +--+ Oon Tn = 0, 
ET T an Ti + ye a+- Aig Da = 9, 
ED 2) + ap Ti + One Ta + + apn Tn = 0, 
where z, = — 1, then we.consider these as a homogeneous system in the magni- 


tudes 


Zy Ty --+) Tn 
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The determinant of this homogeneous system must vanish, and this in fact 
gives us the required result of elimination: 


È, Gor Togs +++» Fon 





assos 


ËE, am Gay +++ Gay E (52) 


$ 
| gn, Any Ong» ---> Inn 


We shall seek the solution of this equation in the form 


E=o%, 
On substituting this in the first column of determinant (52), taking the factor 
e from the column outside the determinant sign, then cancelling it,we get the 
following equation for /: i 


| l, aos os, ++ +s Aon 





Žan Gig, eean | 0. (53) 


a rd 





as 
A’; am Gm ---> Onn 


It may easily be shown that, given our assumption, equation (53) has the 
same roots as (49). For, let 4 = A, be @ solution of (53); then we have a solu- 
tion of (52) of the form: 
§=Ce™, (54) 
where C is an arbitrary constant. The first n equations of system (51) now 
give us solutions of type (47) for the a; with 4 = A,, i.e. A= A, is in fact a 
root of equation (49). Conversely, if 4 = A, is a root of (49), we have a solution 
of type (47) for the x; with A = 2o, where the b; are numerical constants, not all 
of which are zero. On substituting these expressions for the 2, in the first of 
equations (51), we in fact obtain a solution for £ of type (54), this solution being 
certainly non-zero, since otherwise we should have 

=F =... = 407 9, 
whence it would immediately follow from the first n equations of system(51) 
that - 
Ti = Tg = ... = Tp = Î. 

Thus every root 4 = A, of equation (49) is in fact a root of equation (53). 
We have now shown that, given our assumption, equation (53) has the same 
roots as (49). Applications of this method to numerical examples, together 
with a discussion of the case when our assumption no longer holds, may be 
found in the article by Prof. Krilov quoted above. 

Simpler working is obtained if formula (50) is taken as £ = x. In this case, 
(53) becomes 

1, 1, 0,...,0 
A, Gyr Ger ees Orn = 0.F 


an 
A, Ams Ines +- 1> App 


t A. Danilevskii has proposed a neat method for transforming the secular 
determinant in Mat. Sbornik, 2, Sec. 1. 
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We consider, instead of (46), the system of second order equations: 


BHM + la Ta F... F Qin Pn 
T3 = loy Ty + azg Ta +... + Aon Tn (55) 


e. esas rroooe o le‘’:eooldL ‘a 


Tn = Ony Ty + Ape To + ... + ann Tn- 
Systems of this type are often encountered in mechanics. If we seek 


a solution in the form 
x, = b; cos(% + p), 


we obtain an equation for A of the form: 


Gy, tA, ayy, .--, Ay 
ün, Ang +A, ..., lon =0. (56) 
ny Ang ? ann + 4e 


The constants b; are defined by a system analogous to system (48), 
and ọ remains arbitrary. 
Finally, with systems such as 


Ty = Ay Bt... H ann + ati t -e +e, rh 
T3 = üg Ty +... + lon Tn + Ca Ti + -~ - + Con En (57) 


Ta = lm Bt... F ann Ta F Cn M+... +O Th 
which also include the first derivatives, we again seek a solution of 
type (47), and arrive at a secular equation of the form: 


a + OA — à, ai + cå r -r-r Qin + Cyn A 





a ie T ee ena Sy ia 
am + Cn A, Ong + Cr peer Qun t Enn — A 
If we introduce the supplementary unknowns: 
Tny = Ti; Tate = Taj ---3 Ton = Ty (59) 


we can reduce system (57) to 2n first order equations, n of these 
being obtained from (57) by substituting 
T = Taj and Tj = Lry (J= 1, 2,...,%), 


whilst the remaining n are equations (59). 


18, Functional determinants. Let us take n functions of n variables: 
Pı (Tis Ta, barb -s Dn); Po (Ty Taz, ii <, n); ...; Pn (Lp Tz, ons -s En). (60) 


The functional determinant of these functions in the variables x, is 
the nth order determinant whose elements are given by air = 09;/O2x. 
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We bring in the special notation for the functional determinant: 








oF, OM 3o, 
Oa,’ Br,’ O Orn 
dp, õp. ôg. 
Dips -> Pn) | a Bt ees HH 
D(a, -> Zp) = ss ‘ os bade ng On ' ASI) 
Pr IPn IPn 
On,’ ðr,’ ” Ot, 


We have already encountered determinants of this type in the change 
of variables in multiple integrals [II, 57 and 60]. If we have the change 
of variables on a plane: 


x= p(u, o); y= y(u, 0), (62) 
where the point (u,v) becomes the point (z, y), the absolute value 
of the functional determinant (Jacobian) 


Dip, Y) 
Du, vy (63) 


gives the coefficient of change of area at the point (v, v) under trans- 
formation (62), on the assumption that the partial derivatives of the 
functions of (62) with respect to u and v are continuous, and that 
determinant (63) does not vanish, in the domain over which the 
transformation is applied. Similarly, if we have the point transfor- 
mation in three-dimensional space: 


L = Phl Izl) Y= Pps Ih) Z= O] Jr Ja) » 


where the point with coordinates (qu g2 g3) becomes the point (z, y, 2) 
and the volume (V,) becomes volume (V), the formula for change 
of variables in the triple integral may be written [II, 60]: 


SSS Hz y, 2) dedydz = f f (fle, p, œ] | D| dg, dg, dgs, 
Y (Vy 
where i 


= Dip, p, ©) 
ees Dlg er Ga)” 


and | D| is the coefficient of cubical change at a given point on 
transforming from (gı, gz 3) to (z, Y, 2). 

We might have considered the single function of a single independ- 
ent variable: 


u = f(x) 
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in exactly the same way, as a transformation of points on the axis OX, 
in which the point abscissa x takes up a new position with abscissa w. 
The absolute value | /’(x) | of the derivative obviously characterizes 
the change in linear measure at a given point. Everything that has 
been said may be extended to point transformations in n-dimensional 
space and to the change of variables in n-tuple integrals [II, 98]. 

Having explained the two and three-dimensional analogies between 
functional determinants and derivatives, we now show that there are 
analogies as regards their formal properties. 

Let us take the system of functions 


Pr(Yar >- -> Yn) +2 PalYs +++ Yn)» 


and instead of Yp ..-, Yn being independent variables, let them be 
in turn functions of I, «++, Tn, 80 that in the last analysis the g; are 
functions of the z;. We can form three functional determinants: 

DP ---> Pn) . Dp ---1 9). Dy ++ -> Yn) g 

D(Yis -Yn >? = Dt -+-, q) > Dll oeer Zp) 
`” The elements of these determinants are respectively 

Oy,’ Oye’ Ork 
But we have by the rule for differentiating functions of a function: 
Op; _ pr y gi Og; | Pyn 


Bag T Bu Bag TE Byn Bae 
and the determinant multiplication rule of rows by columns gives us 
an equation: expressing the first property of functional determinants: 





DOr. ~~ +1 Fn) = Dipy EEA , PW eer Ya) : (64) 
Dey -esn DY ---Yn) Dla +++) Ep) 


This is analogous to the rule for differentiating functions of a func- 
tion with a single independent variable. 

A further property of functional determinants is as follows. The 
system of functions q; can be considered as a transformation of variables 
x; to the new variables ¢;: 


Pi = P(X --- Ep) (C= 1,2,..., n). (65) 
We first notice the’ particular case of the so-called identity trans- 


formation: 
Py Xs, Pr =T; -i Pn Tn. 
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Its functional determinant is 





1, 0, 0,...,0 

0, 1, 0,...,0 

0, 0, 1,...,0,;=1. 
| 0, 0, 0, a 


We shall imagine that equations (65) have been solved with respect 
to the x;, so that the z; can be written in terms of the 9;: 


2; = 2G ---Pr) (b= 1,2, -.-42). (66) 


Transformation (66) is naturally known as the inverse of (65). If 
expressions (66) are substituted in the right-hand sides of (65), we get 
the identities: ¢ = 91; ---; Pn = Pn, Or in other words, we get the 
identity transformation. On now applying formula (64) to this parti- 
cular case, we have to put y; = q; and x; = p; whilst we have the 
functional determinant of the identity transformation on the left-hand 
side: 

Dy +++ Pa) Dy ++ Pn) | Dep - +++ En) 


. 
TT, ae L E a 


D(Pis ++ -3 Pn) D(t; «.-, En) Dipi «++ Pn) 
or 


DQ -P D(is +++, 2p) 
D(zy, -. ++ 2n) 7 D(Pi >- +++ Fn) a en) 
i.e. the product of the functional determinants of the direct and inverse 
transformations is unity. This is analogous to the property of the deriv- 
atives of inverse functions in the case of a single independent variable. 
We now explain the meaning of the condition that the functional deter- 

minant 

Dlr Par -or Fn) 


Dae... eo (68) 


of the functions 
Pilo <- -3 En)? Pe(Ty <- -Em -+ -3 Palo - +++ Ly) 


with respect to the variables x, is identically equal to zero. Suppose that these 
functions are connected by the functional relationship 


F(p, ---> Pp) = 9, (69) 


this equation being an identity in the independent variables z,. If we differentiate 
with respect to all the independent variables, we get the n identities: 











OF do, OF OG, 
OF, On, Borit OP, ay, ae (70) 
OF. ag, + OF ag, o: 
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We can look on these z identities as linear equations in the n quantities 
oF oF 


Op, et IPn ` 


where it is clear that the quantities cannot vanish identically at the same time, 
since otherwise F would contain none of the p;. The determinant of homogeneous 
system (70) must therefore vanish, which amounts to the vanishing of functional 
determinant (68). The presence of functional relationship (69) thus implies 
that functional determinant (68) vanishes identically. We shall not dwell 
on the proof of the converse, which is also true, i.e. the vanishing identically 
of functional determinant (68) is the necessary and sufficient condition for a 
relationship to exist between the functions 92, .--, &p).T 

We take the example of three functions of three independent variables: 





P= 2] T+ TH Pe = At Tet Ty Pa =T, Tz + T, T3 t Tarz. (71) 
It may easily be verified that the following relationship exists between these: 
gi — pı — 2g =0. 
We form the functional determinant for functions (71): 


221, 27, 2r 
Dipi, Fes Pa) a L 1, a 
D(x, Ta Ta) T; +n Ti + Tp Tı + ay 
We suggest that the reader show that this determinant is identically zero. 


. 


19. Implicit functions. We proved the existence theorem for the implicit 
function defined by a single equation in Vol. I [I, 159]. We now generalize this 
for the case of a system of equations. The original theorem will first be re-stated: 
let = 2%, Y = Y, be a solution of the equation 

F(z,y) =0 (72) 


and let F(z, y) and its first order partial derivatives be continuous at and in 
the neighbourhood of x = T., Y = y,; also, let the partial derivative F’(zx, y) 
differ from zero at £t = To, Y =Y, For zx sufficiently close to T, equation 
(72) now defines & unique function y(x) which is continuous, has a derivative, 
and satisfies the condition y(x,) = Y,- As we have already mentioned, it can 
similarly be shown that the equation 


F(z,y,z) =0, 


having the solution z = Tp, y=Y, 2—=2%, where F(z,y,z) and its first 
order partial derivatives are continuous in the neighbourhood of this solution, 
and F(T Yo, Zo) Æ 0, uniquely defines a function z(x, y) which is continuous 
in the neighbourhood of z = Z, y = Yp possesses derivatives with respect 
to z and y, and satisfies the condition z(z,, Yo) = Zo- We now consider the sys- 
tem of two equations: 

p(T, y, z) =0; yvlz,y,z)=0. (73) 


{It must be pointed out that our discussion regarding system (70) is of a 
formal nature and is not, strictly speaking, a proof. 


19] IMPLICIT FUNCTIONS 67 


Let this system have a solution x =x, Y = Yo Z =%, let p(z, y,2), Y(T, Y, 2) 
and their partial derivatives be continuous in the neighbourhood of the solution, 
and let the functional determinant 


ĉr, 2r | 
Dip y) _| 3u? % |_ 3p æy dp dy (74) 
‘Dy, 2) | dy dy | Oy æ a y 

Wy? ee 


be non-zero at the solution. With these conditions, and with x sufficiently close to 
Zp system (73) defines a unique system of functions y(x), z(z) which are continuous, 
have first order derivatives, and satisfy the condition y(Zo) = Yy 2(Zo) = Zo- 
Since expression (74) differs from zero at r= Te Y = Yo Z = Zo, at least 
one of the partial derivatives 3y/ðy or @p/dz must differ from zero. Suppose 
that say 9/dz is non-zero at the solution. By the theorem stated above, the 
second of equations (73) uniquely defines a function z(x, y). On substituting 
this function in the first equation of the system, we get an equation in the 

variables z and y: 
lz, yY, 2(Z, y)] = 0. (75) 


It only remains for us to show, in order to prove the theorem, that the partial 
derivative with respect to y of the left-hand side of (75) differs from zero for 
T = Zp, Y = Yo This partial derivative is nap by 
( $2) = op 422 p Oz 

y) y z dy 
where (@9/dy) is the total derivative of p(z, y, z) with respect to the argument 


y. Since z(z, y) is the solution of the second of equations (73), we have the 
identity: 


(76) 


pla, y,2 (x, y)] =0. 
We differentiate this identity with respect to y: 


oy, tp ae 

ty + ey =? an 
We multiply both sides of (76) by @y/9z and add to (77) after multiplying both 
sides of (77) by —0¢/0z. This gives us after simple working: 


ele)" Dw 


The function z(x, y) becomes z, with x = T}, Y = Yo and 3y/ðz and (74) differ 
from zero with these values of the variables, so that (@p/dy) is also non-zero. 
Consequently equation (75) defines a unique function y(x). On substituting 
this in z(z, y), we in fact obtain z as a function of v. This proof is possible with 
several independent variables instead of z. 

The implicit function theorem may be stated as follows in the general case: 
Let the system of equations 


Fy (fy ---, Sm Yo +++ > Yn) = 03 «03 Folio ---s Em Yrs ees s Yn =O, (78) 
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have the solution 
Slem 
r=, y= yO ( =] ea (79) 


let the F, be continuous and have continuous first order partial derivatives in 
the neighbourhood of solution (79), and finally, let the functional determinant 





1 OF, OF, OF, | 

| oy,” Ba Bin | 

ə oF. OF. 
DF... lag pete Re 7 2] 

ð d 80 
Teea a m ‘a 

ij : 

(OF, Fn OF, | 


i Oy,’ Oy,’ °°? Oy, | 


differ from zero at solution (79). Then for 2, sufficiently close to z®, equations 
(78) define a unique system of functions y;(x,, ...; Tn) i that are continuous, possess 
first order derivatives, and satisfy the conditions yx, ..., 2) = y®. 

We shall sketch out the proof of this theorem. We suppose it to be true for 
(n — 1) equations (it is in fact valid for n = 1 and n = 2) then show that it is 
true for n equations. By expanding determinant (80) by its first column, we 
can say that at least one of the corresponding cofactors must be non-zero for 
values (79), since (80) is itself non-zero at the solution by hypothesis. We 
can choose the subscripts for the F, in such a way that the cofactor of oF',/6y; 
is non-zero. This cofactor consists of the functional determinant of F;,..., Fn 
with respect to variables yz, ..., Yn. By the theorem for the system of (n — 1) 
equations, the equations 


Fy (Sy 0-5 Cm Yp oer Yq) =0; -3 Falo e+ Sap Y- Yn) =O (81) 
uniquely define the functions 
Ye = Po (2o +003 Em Yi); +- 3 Yn = Pr (T +++ a Emh) (82) 


On substituting these functions in the first of equations (78), we get the equation 
for y,: 
Fi (2u -++ Em Yrs Po ++ P = 0. (83) 


It remains for us to verify that the total derivative of the left-hand side of this 
equation with respect to y, differs from zero for values (79). The derivative 
is given by 


oF ‘ or ae 2, OF, , Ps 
a) = >: 84 
(a 1 EA + 2 te, ap, y (69) 
On substituting functions (82) in the left-hand sides of equations (81), we obtain 
identities which we differentiate with respect to y,: 


ae OF, Ifs 
: =0 (1=2,...,7). 
+ Sa ap, | Dy 0 (1=2,...,n) (85) 





Let. 4, 4a ..., An denote the cofactors of the elements of the first column 
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of (80). On multiplying (84) by A, and (85) by A, then subtracting the latter 
equation from the former, we obtain the equation: 


oF, OF F; , 1 aps 
aa) PEPPE E3 


The first sum on the right-hand side yields determinant (80) which we shall 
write simply as D for brevity, whilst the summation over / in the second term 
represents the sum of products of elements belonging to a column other than the 
first of D with the cofactors of the corresponding elements of the first column, 
i.e. the sum is zero. We remark here that differentiation with respect to 9, 
is exactly the same as differentiation with respect to y, The above equation 


thus reduces to 
F 
A (=) = 
: Our 


Since A, and D do not vanish at solution (79), the same can be said regarding the 
derivative with respect to y, of the left-hand side of equation (83); hence (83) 
yields a unique function y,(z,, Ty, ..., tm). Substitution in functions (82) gives 
us the final result. 

The inversion theorem for systems of functions is a particular case of the implicit 
function theorem. Let the equations be given: 


Yn = Ík (T1 --->In) (= 1,2,..., n). (86) 


Let the functions fy and their firat order derivatives be continuous in the neighbour- 
hood of x, = 2© (k = 1, 2, ..., n), for which values the functional determinant 


D (ty +--+ tn) 

Dlan- +2) oe) 
ts different from zero. Then equations (86) uniquely define a,(y,,...,; Yn) as 
Junctions of Yı, ---, Yn in the neighbourhood of yO = eur 2+, 20), these 
functions being continuous and having first order derivatives, whilst satisfying 
a,(y (0) oy 0) = zi. 


We prove this theorem simply by taking the equations 
fy (By +++ > Ly) — Y= 0 (A =1,2,...,n) 
and applying the implicit function theorem, the role of y; being played by zz. 
If the fy are linear homogeneous functions of the variables zp, system (86) 
has the form: 
Yk = Ak Py F Gatot- -- T OnTn- 
Determinant (87) reduces in this case to the determinant | a; | of the coefficients 


aik, and the existence of a unique solution of the system depends on Cramer’s 
theorem. 


CHAPTER II 


LINEAR TRANSFORMATIONS 
AND QUADRATIC FORMS 


20. Coordinate transformations in three-dimensional space. A linear 

transformation in n variables is defined by: 
T1 = yT, + Gyz  -.- + Oirn 
Wy = lty F AoT +... F Aapp (1) 
Tn = lm T AnTz +--+ Annn 

This can be interpreted as the passage from a vector (Ty, .--, Zn) 
of n-dimensional space to another vector (xj, ..., xi). Alternatively, 
we can regard (2,,..., Zn) a8 the coordinates of a point in n-dimen- 
sional space and (1) as the passage from this point to another. 

Yet another interpretation is possible: we can regard (2,,...,2n) and 
(Ti, ---, Tn) a8 the components of the same vector (or coordinates of 
the same point), but with different choices of axes. Expressions (1) 
now give the transformation of components (coordinates) on passing 
from one coordinate system to the other. Expressions of type (1) with 
n = 2 and n = 3 have already been encountered a number of times. 

The first part of the present chapter is devoted to a detailed study 
of linear transformation (1). We start with real three-dimensional space 
for the sake of greater clarity, then pass to the general case of complex 
n-dimensional space. Our discussion for three-dimensional space begins 
with the most elementary case, when (1) corresponds to passage from 
one set of rectangular axes to another. On measuring vectors from the 
origin, we can obviously take (2,, T}, Z3) as either the components of a 
vector or the coordinates of its terminus. 

The expressions for transforming Cartesian coordinates are familiar 
from analytic geometry: 

zi = Qy% F lyt + Ayg%y 
T = lzy F Azt + Aggy | » (2) 
T3 = lg, + AgoX, + Aggy 


70 


20] COORDINATE TRANSFORMATIONS IN THREE-DIMENSIONAL SPACE 71 


where the aig are the cosines of the angles formed by the new axes 
with the old and are given by the following table: 


| | x,|x,| xX. 


| Zi | an |21| rs 
| X | tos | aiva | aas 
| X5 | axı | ae | ass 


(3) 


a21 











We know that the array of coefficients in (3) has the following 
properties: the sum of the squares of the elements of each row and 
column is equal to unity, and the sum of the products of corresponding 
elements of two different rows or columns is zero. The magnitude of 
the determinant 

[aix] 
is clearly equal [5] to the volume of the rectangular parallelepiped 
with unit sides directed along the new axes, i.e. it is unity if the axes 
have the same orientation, and (—1) if the orientation is different. 
The inverse transformation from (Ti, 23, %3) to (Ty, Tz, £3) will clearly be: 


Ly = lyti + lut, + Agy%s 
Bg = lyti + lagt, + aaas f * (21) 
T3 = Mya + last3 + last3 


In other words, the inverse transformation to (2) is simply obtained by 
interchange of rows with columns in the array of coefficients of (2). 
The determinant of the inverse transformation is obviously equal to 
the determinant of (2). 

We now show that the properties mentioned of the coefficients of (2) 
can be obtained by satisfying a single requirement that follows at once 
from the geometrical nature of our problem. We look for all the real 
transformations of type (2) such that 


wi? + ay? + a? = 2 + of + 22. (4) 


This statement of the problem enables us to generalize our discussion 
of transformations to the case of space with any number of dimensions. 
What we do is show that the transformations required by the new 
problem are the same as those discussed above, i.e. we show that 
requirement (4) leads to the previous relationships between the Gip. 
We substitute from (2) in the left-hand side of (4), remove the brackets, 
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then equate the coefficients of the squares of the variables to unity, 
and the products of different coefficients to zero; this gives us six 
relationships of the type: 


Oyly F lorlo; + ags = Ôp (k,l = 1, 2, 3), (5) 
where 
8,1 = 0 for k£ l and Ôkk = 1, (6) 


i.e. the sum of the squares of the elements of each column is unity and 
the sum of the products of corresponding elements of different columns 
is zero. These conditions are generally known as orthogonality conditions 
in regard to columns. It now follows immediately that the elements 
of each column are the direction-cosines of a certain straight line, and 
that the straight lines corresponding to different columns are mutually 
perpendicular. This implies in turn that in the present case trans- 
formation (2) coincides with that considered above, and that we have 
orthogonality in regard to rows as well as to columns. 

We can look on (2) as a transformation of space with fixed axes, 
instead of a coordinate transformation in a fixed space. Suppose first 
that the transformation determinant is equal to (+1), ie. both 
systems of axes have the same orientation. We can now rotate the 
space like a solid body about the origin together with the axes 
(Xi, X2, X3) so that these axes coincide with (X,, X,, X,) which we 
take to be fixed during the rotation and to which we refer the co- 
ordinates of every point both before and after rotation. If a point M 
had the coordinates (21, 2, %3) before rotation, it takes up a new posi- 
tion M’ as a result of rotation and has the new coordinates (zi, 23, xå). 
Since the point M moves with the axes (Xj, X3, X3), the coordinates 
(xj, £2, T3) of MZ’ with respect to (X,, X,, X), with which (X{, X3, X3) 
have come to coincide as a result of the rotation, will be the same as 
the coordinates of M with respect to (Xi, Xj, X3) before rotation. 
Hence it may be seen that expressions (2) represent, in the case of the 
(+1) determinant, a transformation of the coordinates of a point as 
a result of rotating the space. 

Now let | a; | be equal to (—1). We consider instead of (2) the 
transformation 


xi = — Qni — lifa — Ats (t = 1,2, 3) ` 


Its coefficients possess properties (5) as before, whilst its determinant 
now bas the value (+1), i.e. it corresponds to a rotation of the space 
about the origin. In order to obtain the coordinates (T1, T2, T3), we 
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have to carry out the further transformation: 
H=- w= — ah; aaah 


which is a symmetry transformation about the origin, Inasmuch as 
the signs of all the coordinates are changed. Thus transformation (2) 
corresponds, in the case of the (—1) determinant, to a rotation of the 
space about the origin followed by a symmetrical shift with respect 
to the origin. 

We saw above that the nine coefficients a; have to satisfy the six 
relationships (5). This means that they are expressible in terms of three 
independent parameters. We shall 
indicate one possible choice of para- 
meters in the case of a rotation of 
space about the origin. 

We bring in two systems of coor- 
dinate axes: (Xj, X2, X3) is a fixed 
system to which all the coordin- 
ates are referred, whilst (X,,.X., X5) 
has an invariable relationship with 
the rotating space. In order to de- 
fine the rotation, we have to es- 
tablish three parameters defining 
the position of the second system of axes relatively to the first. Let 
the planes Xi OX; and X, OX, intersect in ON (Fig. 1). We make a 
definite choice of direction along this line and let a be the angle 
Xi ON, reckoned from OX}. We also introduce the angles 8 = X3 OX, 
and y = NOX,. These three angles completely characterize the position 
of the second system relative to the first, i.e. they completely cha- 
racterize the rotation which we shall denote by the symbol {a, $, y}. 
It follows at once from the above that our motion is the result of 
consecutively carrying out the following three motions: (1) rotation 
by angle a about the axis X3; (2) rotation by the angle 8 about the 
new position of Xj; (3) rotation by angle y about the new axis X}. 
These three angles are generally known as Euler’s angles, and we can 
write their limits of variation as follows: 





O<a<2a; O0< Pu O<y< 2a. 


If £ = 0, the motion {a, $, y} simply reduces to a rotation by the 
angle a + y about axis X;, and we have in this sense for any 6: 


{a, 0, y} = {a + 6,0, y — ô}. 
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This shows that, for certain cases of parameters {a, $, y}, the ro- 
tation of the space about the origin is not single-valued, in other 
words, the same rotation corresponds to different values of the para- 
meters. Expressions may readily be deduced for the coefficients aj, 
in terms of trigonometric functions of the angles a, 8, y [cf. 62]. We 
shall deal later with a further choice for the parameters characterizing 
a rotation of space about the origin, and we shall also return to 
Euler’s angles. 


21. General linear transformations of real three-dimensional space. 
We shall now consider real linear transformations of type (2) with 
arbitrary coefficients, though it will always be assumed that the trans- 
formation determinant differs from zero: 


[a;,.|#0. (7) 


The transformation is usually said to be non-singular in this case. If it 
does not satisfy conditions (5), it is related toa deformation of space 
[II, 113]. It should be noticed that the characteristic feature of (2) 
is the matrix of coefficients which implies a fully defimed rule for 
passing from any vector with components (Tı, Tz, Z3) to a new vector 
with components (xi, 22, 73). We shall use a single letter to denote 
the total matrix: 
| dirr liz, trs] 
azy, Bar, Aas | 
a31, A32, A33 
the matrix being written between double strokes as before to distin- 
guish it from the determinant. We shall write the determinant of 


matrix (8) as D(A). This is some determinate number. We shall write 
transformation (2) symbolically as 





A= i (8) 








x’ = Ax, (9) 


where x’ is the vector with components (zi, T2, 73) and x has compo- 
nents (Ti, Tz Ta). 

The identity transformation is that in which every vector remains 
unchanged; the matrix corresponding to this is 


i 1, 0, | (10) 
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which is generally known as the unit mairiz and is denoted by the 
symbol J. 

Assuming D(A) # 0, we can solve equations (2) with respect to 
(2%, Ta T3) and arrive at the expressions 


Ay os Ax 

















"= D(ay + Dia” SEJ Ta 
= A fo Ags LA 
%2=D(A 1D ah + ot , (11) 


A 


=p t Btn aed ooh zh 

where the A; are the cofactors of the a; in D(A). This linear 
transformation is usually referred to as the inverse of (2), and if 
A denotes the matrix of (2), the matrix of (11) is written A-1. We 
now introduce a concept of importance for what follows, that of the 
product of two transformations or of two matrices. Let us have two 
linear transformations, from (2,, Ta, £3) to (xj, z4, z4): 


Hy = lyt, + l, + lts 





Tz = Ary + Analy + Agt | OT i (12) 
Ly = Agi + Agory + Aggrs 
then from (xi, T2, z3) to (xj, x3, 23): 
wy = buti + biz + bisti 
wg = bati + bosta + bagra p OF X = Bx’. (13) 


3 = bgt + bart, + bast 
These successive transitions from (2,, Tə, T) to (2{, z4, x$) then from 
(xj, T2, T3) to (x, 73,23) can be replaced by a direct transition from 
(£i, Lo, Lg) to (T1, £3, 13), this latter being also a linear transformation: 


Lk = Catz F Crota + Cygtg (k = 1, 2, 3). (14) 


This last transformation is described as the product of transforma- 
tions (12) and (13), an essential point to notice being the order in 
which the transformations are carried out. We obtain (14) by substi- 
tuting from (12) in the right-hand sides of (13). This gives us expres- 
sions for the elements c; of the transformation product in terms of 
the elements of the original transformations: 


3 
Cik = DAA (2, k = 1, 2, 3)- (15) 
` s=l 


We usually write (14) as follows: 
x” = BAx. (16) 
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The matrix C with elements cix as given by (15) is called the product 
of matrices A and B and is written thus: 


C=BA, (17) 


where the product must be read from right to left in the sense of the 
order of carrying out the transformations. If we make use of (15) and 
the multiplication theorem for determinants, we can write the obvious 
equality: 

D(C) = D(B) D(A), (18) 


i.e. the determinant of the product of two transformations is equal to the 
product of their determinants. We can easily prove the following rela- 
tionship, which has a simple geometrical meaning: 


AAT = AA =I. (19) 
We also notice that it follows from the actual derivation of the in- 
verse transformation that the inverse of A~: is the transformation A. 


For, on solving system (11) with respect to the 2%, we obviously again 
get expressions (2). We can write this as follows: 


(4-97 = A. (20) 


The concept of transformation product can be extended to the case 
of any number of factors; e.g. the result of successive transformations 
with matrices A, B, and C is a transformation with matrix D: 


D=CBA. (21) 
If matrices A, B, C have the elements 
Gin, by, and Cips 
the matrix D will have elements given by the expressions: 


3 


d= > : CiP appx (22) 


P, l= 
We have, in fact, for the clements of the matrix E = BA: 


3 
ein = > biplpk 
p=1 


and finally, for the element of CE, by (15): 


3 
diz = Pa Cigla? 


q=l1 
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whence (22) follows. It must be mentioned that the elements of a 
matrix A will often be written in future as 


{A}ix- 

Matrix products are not generally subject to the commutative law 
i.e. they change when factors are interchanged, so that in general e.g. 
BA # AB. They obey the associative.law, however, that is to 
say, their factors can be grouped: 


C (BA) = (CB) A. (23) 


On the left-hand side, we must multiply A by B, then multiply the 
result by C. On the right-hand side, we first multiply B by C, then 
multiply A by the result. It is easily seen that in both cases the 
elements of the matrix finally obtained are given by (22). This has 
already been proved for the left-hand side; we have for the right-hand 
side, on carrying out the successive multiplications: 


which is evidently (22) in our new notation. 
A further important type of linear transformation must be mention- 
ed, in which we have: 


zi = kzi; x3 = kaxa; x5 = kota, (24) 
and which amounts to extension (or contraction) along the coordinate 


axes, the extension being characterized by the numerical coefficients 
ki, k,, kz. The matrix of this transformation is obviously 


‘ky, 0, OF 
| 0, ka 0 l, 


0, 0, k, || 
i.e. all the elements not on the principal diagonal are zero. We refer 
to this type as a diagonal matriz, and denote it by 


[ki kz ks] - 





In particular, if ky = k, = k, the transformation reduces to multi- 
plication of all the components of a vector by the same number k and is 


78 LINEAR TRANSFORMATIONS AND QUADRATIO FORMS [21 


evidently the transformation of similitude with centre at the origin. 
Every vector”changes its length, which is multiplied by k, without 
changing its direction (we are assuming k > 0). The following simple 
notation is used in this case: 


x’ = kx, 


i.e. we look on the number k as a particular case of a matrix, and take 
it as in fact the diagonal matrix with the same element k on the prin- 
cipal diagonal: 











| 
|. (25) 
| 


It may readily be seen by using (15) that multiplication of such mat- 
rices reduces to the ordinary cross-multiplication of numbers: 


[k, k, k] - [L 7, 1] = [k kt, xi]. 
It may easily be shown that, in general, the simple multiplication 


rule: 
[k ke, ks] i [L l» h] = [kh kaly, kala}, (26) 


applies for diagonal matrices, i.e. two extensions along the coordinate 
axes are equivalent to a single extension with coefficients equal to 
the products of the corresponding coefficients of the component ex- 
tensions. An immediate consequence of (26) is that the product of two 
diagonal matrices is unchanged on interchanging the factors. By using 
(15) and representation (25) of a number as a diagonal matrix, it can 
easily be seen that the product kA is obtained simply by multiplying all 
the elements of A by the number k. This product is independent of the 
order of the factors, i.e. 


{kA}, = {Ak}, =k{A}y- (27) 


We have regarded the basic linear transformation (2) as a deform- 
ation of space in which a vector with components (z4, £z, 23) becomes 
a new vector with components (xj, 73, 23). Of course (2) can also be 
interpreted, as already mentioned, as a point transformation in which 
a point with coordinates (z,, Z», Z,) becomes a point with coordinates 
(zi, £2, T3). 

We could have used any system of axes, in other words, any funda- 
mental vector set, for defining vector components, i.e. we could have 
taken any three non-coplanar unit vectors i, j, k as the fundamental 
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set, in which case, as we know from [I, 102], any vector x can be 
expressed uniquely in the form 


x= t i- rj + 2,k. (28) 


The numbers 2,, 2, Z, are called the components of xin the co- 
ordinate system defined by the fundamental set i, j, k. Our next task 
is to see the effect of a different choice of fundamental set on the form 
of the linear transformation. 

More precisely, if a linear transformation in the coordinate system 
defined by i, j, k is given by (12), what is the form of this same trans- 
formation of space in another coordinate system, defined by say i, jı, 
k,? Let the new fundamental set be given in terms of the old by the 
expressions: 

i =t it trj tisk 
j= tait tj + tak (29) 
k, = ty i+ tej + tgk. 


It will be noticed that the determinant made up of coefficients t 
cannot vanish; if it did, i, jẹ k, would be linearly dependent, i.e. 
coplanar. In the new coordinate system, the vector given by (28) will 
have new components: 


Wi, + 925. + Ysk- 
We first of all establish expressions for the new components in 


terms of the old. We obviously have, on substituting expressions (29) 
for the new fundamental vectors: 


3 
> Ys bri + tej + tak) =r, i+ 25 + zk. 
5=1 


We get expressions for the old components in terms of the new by 
equating coefficients of i, j, k: 


£i = t Y1 + fe Yo + tsı Ys 
Ly = bye Yr + toe Ye + ta Ys (30) 
Ta = tis Y1 + bog Yo + taa Ya- 


The first subscript remains unchanged along a row in the matrix of 
transformation (29), whereas the second subscript remains unchanged 
in the rows of the matrix of (30). The matrices thus differ to the extent 
of rows being replaced by columns. If 7 denotes the matrix of (29), 
the array of (30) is known as the transpose of T and is written 7*. 
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Expressions (30) may be written in the abbreviated form: 
(Tr Za, £3) = T® (Y1, Yo, Y3)» (31) 


where (2,, ta T3) are the three components of a vector with respect 
to the first fundamental set, and (y%, Yæ» Yz) the components with 
respect to the new fundamental set. Conversely, the new components 
may be expressed in terms of the old by 


(Ya» Yor Ya) = TO- (£, Lz, £3). 


where T*-1 is the inverse linear transformation to T*. This is gen- 
erally known as the contragredient of T. For brevity, we usė a special 
letter to denote the array corresponding to it: 


U = 7%- (32) 


We can thus say that a change in the fundamental set in accordance 
with (29) implies that the components of every vector undergo a 
linear transformation with the matrix U defined by (32). Hence the 
two vectors x(%,, 2, T3) and x’(x’,, Z'o Tz) that appear in transformation 
(9) will have different components after transformation of the funda- 
mental set, these being given in terms of the original components by 


(Yi Yo. Ya) = U (T1. T, £3); (Yi Yo Y3) = U (Ti; Tz 25). (33) 
Our problem is to establish the linear relationship between compo- 
nents (Yı, Y2 Ya) and (y’;,Yy’s,Y’3). We can pass from the former to the 
latter by the following method: we first pass from vector (Yı, Yz Ys) 
to (%, 2, %3) with the aid of the matrix U-1, by (33). Then we pass 
from (24, Ty %) to (x’, x’, x’) with the aid of matrix A of (9), and 
finally, from (2’;, Z'a, 2'3) to (Y'o Y» Y'a) With the aid of matrix U. 
We thus end up with the linear transformation: 


y =UAU~'y. (84) 


This transformation is said to be similar to transformation (9), and 
its matrix U AU — is said to be similar to matrix A. 

Our result may finally be stated as: if the linear transformations of 
vector components due ta a change in the fundamental set are given by 
expressions (33), any linear spatial transformation with the form in the 
original fundamental set: 

x’ = Ax, 


becomes in the new coordinate system: 
y =UAU"'y. 
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22. Covariant and contravariant affine vectors.-Suppose that linear trans- 
formation (9) simply expresses the passage from one system of Cartesian 
axes to another, i.e. its coefficients are the direction-cosines given in table 
(3). In this case, as we saw in [20], the transpose A) is the same as tho inverse 
A-1, and the contragradient A@)-1 is therefore the same as the original matrix 
A, ie. 

AM—=A1; A@1= 4, (35) 


If we take a vector of constant length and direction, we can naturally say 
that its components are transformed in accordance with the same expressions 
(9) as the coordinates, i.e. 


, ‘ i 
£1 = Gy Ty T Aye Ya T Ayg Ta 
T3 = Ag, T1 2- Qag Ta T Qog Ly (36) 


è : A 
T3 = Az, T1 T Age Ta T Agg Tg- 


We can, therefore, say that a vector is completely characterized by three 
numbers in any fixed Cartesian system, and on passage from one Cartesian 
system to another the three numbers (vector components) are transformed 
in accordance with the same expressions (36) as the coordinates. Suppose that 
we now take into account not only passage from one Cartesian system to another, 
but all the generally possible linear transformations of coordinates with non- 
zero determinants which corresponds, as we saw above, to an arbitrary choice 
of three non-coplanar vectors as the fundamental set. As above, along with 
matrix A of transformation (36), we shall consider the contragradient V = 
= At, These are distinct in the general case, so that we have two possi- 
bilities for defining a vector inany linear coordinate transformation. In the first 
place, we can define a vector as a set of three numbers which is transformed 


on passage from one coordinate system to another by the same formulae as the 
coordinates themselves, i.e. by 


(24, 25, z3) = A (Ti, To Z3)- (37) 


Such a vector is described as a contravariant affine vector, the general linear 
transformation (36) being sometimes referred to as an affine transformation. 
Alternatively, we can define a vector such that its components undergo the 
corresponding contragradient transformation for any linear transformation 
(36), i.e. 

(Ti 22, 73) = V (Zis Lg, 23). (38) 


Such a vector is known as a covariant affine vector. 

In both cases, given the components of a vector in any one coordinate 
system, we automatically obtain the components in any other coordinate 
system which is derived from the original system by means of an affine trans- 
formation. Examples of both types of vector are as follows. The radius vector 
joining two given points in space is clearly contravariant, since its components 
in the above sense of the word (the differences between the coordinates of its 
end-points) are transformed in accordance with the same linear formulae as 
the coordinates themselves. Another example of a contravariant vector may 
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be quoted. We take the coordinates (T4, Za, £4) of a point as functions of a para- 
meter t and define a velocity vector with components 
(= dz Za) : 
dt ° dt ” de 

On differentiating the basic expressions (36) with respect to ż, we see at 
once that the velocity vector is contravariant. 

We now give an example of a covariant vector. Let f(x,, £}, Z,) be a function 
of a point in space; the gradient of the function in any given coordinate system 
is defined as the vector with components 








of əş ə 
Or,’ Or,” Or, ~ 
We have by (36) and the rule for differentiating functions of a function: 
of of of Bt ies py Oy 


Be, 8 Ga Ger TO 35 O53 


i.e. the components of the paa along the (a, Tz, z3) axes are given in terms 
of the components along the (z;, 7, %4) axes by a linear transformation with 
matrix A‘), whence it follows that the components along the (xi, x, x 3) axes 
are given in terms of the components along the (2,, 2z, £3) axes by & * linear 
transformation with matrix A@)-1= FV, i.e. the gradient of a function is in 
fact a covariant vector. 

Expressions (37) and (38) may readily be written in terms of the partial 
derivatives of the new coordinates with respect to the old, and vice versa. We 
first introduce a notation which is somewhat different to the above and is more 
usual in vector theory: a superscript is used for the components of contra- 
variant vectors and a subscript for the covariant components, the corresponding 
coordinates being themselves denoted by a superscript. 

The coefficients of transformation (36) can be written as follows in terms of 
the partial derivatives: 


Ga’) 
ay = moe . (39) 
The elements of the contragradient matrix V become: 
— _ Ain 
a= Dey 


and (A-1)) has the same elements, i.e. 
Al*)-1 = (4-1)@), 
i.e. we can first pass to the inverse matrix then interchange rows and columns. 


On passage to the inverse matrix, the coefficient c; becomes a2 /a2, and 
after transposition, we have for the elements of matrix V: 


ax”) 
Vr= Be ° (40) 


Let the components of a contravariant vector be u°? in coordinates 2 
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and u^’ in coordinates z’. We have by definition: 





3 
ae’) 
uw) — > ax) u) (i = 1, 2, 3). (41) 
s= 
Similerly, we get by definition for a covariant vector: 
, Š Beh) 
“= Seo (2) 
s=1 


It may be mentioned that these formulae can be used for defining the com- 
ponents of a vector not only on linear transformation of the coordinates but 
with the most general type of transformation, when the individual coordinates 
are expressed in terms of others with the aid of in general non-linear functions. 

We shall indicate another possible definition of covariant vector, when the 
contravariant vector is defined simply as the vector whose components are 
transformed in accordance with the same formulae as the coordinates, Let 
u® be a given contravariant, and v, a covariant vector. 

We form the sum: 

ul) n+ ul) v t ula) Vy: (43) 


This may easily be seen to remain invariable, or in otber words, to be a 
scalar, if wu and v, vary in accordance with the corresponding expressions 
(41) and (42). 

For the rule for differentiating functions of a function gives us at once: 


df , 3 3 Oa’(s) 3 ax(D 
gions [è Ca wol È r “| = ult) v, + wl oy + UO 95, 


s=1 s=1Lk=1 t=l 


Hence, having defined a contravariant vector by the method given above, 
we can find the transformation rule for the covariant components from the 
requirement that sum (43) remains invariable. An exact repetition of the work- 
ing of the previous section leads us to the conclusion that, given the invariability 
of (43), the components », must undergo linear transformation contragradient 
to that suffered by the components u’. We suggest that the reader show that, 
for any (linear or non-linear) coordinate transformation, the velocity vector is 
a contravariant whilst the gradient of a function is a covariant vector. 

A distinction is worth noticing between contravariant and covariant vectors 
which have been defined in a purely formal manner above, by formulae for 
passing from one system to the other. Let x be a vector of given length and 
direction. Given the fundamental set, we form components in accordance 
with (28) and now refer to them as the contravariant components, (28) being writ- 


ten in the form 
x= riaj yk. (44) 


The covariant component of x along i is defined as the rectangular projection 
of x on i, multiplied by the length of i, and similarly for the other fundamental 
vectors. We thus have, for each fundamental set, three covariant components 
(Zi Ta, Z3). It can be shown that these are transformed like the components 
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of a covariant vector on passage from one fundamental set to another. For it 
can be shown (we shall not dwell on the proof) that the expression 


zl) Tı > az) Zs T aia) T3 


here gives the square of the length of vector x and is therefore unchanged on 
transformation of the fundamental set. 


23. Tensors. We now turn to a generalization of vectors, only linear coordinate 
transformations being considered initially. Let the array of nine numbers 


bik (i, k = l; 2, 3) 


be given in a certain coordinate system. 
We form the expression 
bj, wD) 2), (45) 


3 
i k=1 
where u? and v™® are the components of two contravariant vectors. On passing 


to new coordinates, we can express the uw) and v in (45) in terms of the new 
components uv“ and v’ and hence transform (45) as follows: 


3 3 
S dye = Sow r, (46) 
i,k=1 i,k=1 


Now we still have an array of nine numbers, with elements big, in the new 
coordinate system. Such an array, defined in any coordinate system by requiring 
invariance of expression (45), is described as a covariant tensor of the second 
rank. Similarly, on taking two covariant vectors with components u; and Vk 
and forming the expression 


3 
i 2, of 4) Ui Eks (47) 


where the array of nine numbers 6 is specified in some given coordinate 
system, we obtain a similar array in any other coordinate system on requiring 
invariance of expression (47). We now have a contravariant tensor of the second 
rank. Finally, if we take a contravariant vector with components 2? and a 
covariant vector with components v; and form the expression 


3 
S Muy, (48) 
ik=l 


we arrive in precisely the same way at a mized tensor of the second rank. 

We now show how, given the coefficients of the linear coordinate transforma- 
tion (36), expressions can bo derived for the components of a tensor in the new 
coordinates in terms of its components in the old. We start by considering a 
covariant tensor of the second rank. The components wu" and vo of the contra- 
variant vectors in the old coordinates are expressed in terms of the components 
wu) and vw in the new coordinate system with the aid of a linear trans- 
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formation of matrix A` 1. This gives us, on writing the elements of the matrix 
as {4 "ju: j 


3 3 
w= > { A-}u’™; 2) = Z { AY P. 
k=1 k= 


We substitute in (45), find the coefficients of the products u* v®, and thus 
obtain for the components bj}, of the tensor in the new coordinate system: 


3 
bin = : a bpa {A} 91 {A Yn (49) 


Similarly, for a contravariant tensor of the second rank, we have to express 
the components of the covariant vectors u; and v; in terms of the new components. 
By definition of contravariant vector, u; is given in terms of u; by means of 
the array A“)-1, so that u; is given in terms of u via the array A‘*), the trans- 
pose of A, and similarly for v;: 


3 3 
uy = È {Abani ri= X {A}ute. 


Substitution in (47) gives us the transformation for the components of a 
contravariant tensor of the second rank: 


3 
wid = S ee D {A}ip {A} ug: (50) 
P,q= 
Similarly, we have the following transformation for the components of a 
mixed tensor of the second rank: 


3 
wO = Z P (4) {Ah (51) 


» 


If wo express the coefficients of the linear transformation in terms of the 

partial derivatives 

en") 62 

ae) and Bw 
and substitute these expressions in the above formulee, we get formulae for 
transforming tensors of the second rank in the case of any coordinate trans- 
formation. Analogous definitions to the above are possible for tensors of rank 
higher than the second, but we shall not dwell on this. 

We have constantly been concerned above with matrices expressing linear 
transformations of three-dimensional space with given coordinate axes. Let 
such a matrix be B and let an affine coordinate transformation have been carried 
out in accordance with 

(Yas Yor Ya) = A (Zis Ze, £3)» 


where 4 is a matrix with a non-zero determinant. As we have shown above, 
our spatial transformation has the matrix in the new coordinates: 


ABA". 
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It is easily seen that the transformation worked out above for a mixed 
tensor of the second rank has the same matrix. For, on applying the rule for 
matrix multiplication, we have 


{BA }q = 2, {Bhp {Apr 
followed by: 
{4 (BA) }a = Žž, {A}ig {BA} = 2 {Bhar {4s {4} w: 


If we write b{® instead of {B},, we have an expression of the same form as 
(51). The matrix of a linear transformation of space is thus a mixed tensor of 
the second rank. 

Some tensors of a particular kind must be mentioned. Let a covariant tensor 
in a given coordinate system have the property that, 


bie = by (i,k = 1,2, 3)- (52) 


_ It may easily be seen to have the same property in any other coordinate 
system. For, by (49): 


3 
bki = Po bpa {A hon {A hai 


or by (52): 
3 


bki = P qp {47 }pr {A her » 


or, on changing the notation for the variables of summation: 


3 

bki = Z i bpa {A See {47} 
whence it is clear that by; is in fact the same as bip. We describe this type as 
a symmetrical covariant tensor. A symmetrical contravariant tensor can be defined 
in exactly the same way. Similarly, if 6, = —by or 6!) = —b%D in one 
coordinate system, the same will be true in any coordinate system, and the 
corresponding tensor is said to be skew-symmetric. The same situation does not 
hold for a mixed tensor, so that, e.g., 6 = bf) is not an invariant relationship 
on transformation of the coordinates. We shall consider next some particular 
cases of tensors. 


24, Examples of affine orthogonal tensors. We confine ourselves in future 
examples to the linear coordinate transformations discussed in [20], which 
correspond to the passage from one Cartesian system to another, and which are 
generally known as orthogonal transformations of three-dimensional space. 
The contragradient transformation A“)! coincides with A for these, as we 
have already seen, and the distinction between contravariant and covariant 
vectors disappears. Similarly, it is clear that we now have just the one concept 
of second rank tensor. If we write {4}, for the matrix coefficients of an ortho- 


= 
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gonal coordinate transformation as above, we have the following formula for 
transforming a tensor of the second rank: 


3 
bik = Z i bpg {A}ip {4e , (53) 


which follows at once from the expressions of the previous section. The elements 
of a column of || b || will be looked on as vector components. Hence we have 
the three vectors: 


bo) (bins ber, bsi); be) {biz bez, b32); bi) (bis Deg, bza) + 


We shall say that the first of these corresponds to the x,, the second to the 
Z, and the third to the z, axis. We now relate a vector b™ to any direction 
n in accordance with the formula: 


b™ = cos (n, 2,) bD + cos (n, z,) b) + cos (n, x) bO). (54) 


We next replace the original Cartesian system (Ty, £2, £3) by (zi, ss z) 
and use (54) to form the vectors corresponding to the new directions of the 
axes; 

b% = cos (x, 2,) BO + cos (Ek, 23) BO) -+ cos (Lk, 24) bO. (55) 


On taking the projections of these vectors on the new (Ti, 2}, z) axes, we 
get an array of nine numbers || bj, || analogous to || big ||. We show that the 
elements of the new array are given in terms of those of the original array precise- 
ly by the formulae for transforming tensors of the second rank. For, taking 
say the element b;,, this is by definition the component of the vector b? along 
the new v; axis, and (55) gives 


b’(2) = cos (23, T1) bO + cos (a, x) B®) + cos (Za, 25) bO, (56) 


so that b’ is clearly a linear function of the vectors bh’), All we have to do to 
get bi, is to replace the b“ on the right-hand side of (56) by their projections 
on the z; axis, i.e. by the following expressions: 


b — by by; cos (ay, T1) + bz; cos (£1, £e) + byi cos (zi, z3) (i= 1,2, 3). 
We now notice that, in accordance with table (3): 
cos (Ti Zz) = ai = {A} 


We have on making these substitutions for the vectors on the right-hand 

side of (56): 
3 
biz = P x i bpg {4hp {A}og 

which is precisely the same as (53). We can therefore assert that, if three vectors 
bY, b,b% are defined for three mutually perpendicular directions and a 
vector for any direction (n) is dofined by (54), the array of the nine numbers 
giving the projections of the vectors b® (k = 1, 2, 3) on the 2™ axes in any 
Cartesian system defines an affine orthogonal tensor of the second rank, i.e. 
a tensor of the second rank, defined for all possible orthogonal transformations. 
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It must be noted that, when we speak of b corresponding to the direction 
of a given zq axis, this does not mean that b? must be directed along the z, 
axis. What is essential is expression (54), which relates the vector b™® to any 
direction (7), where the direction of the vector does not in general coincide 
with (n). 

Two examples of affine orthogonal tensors of the second rank may be quoted. 
The first of these is the stress tensor, familiar in the theory of elasticity. We 
consider an infinitesimal surface do with normal (n) at a fixed point M of an 
elastic body under deformation. The action on the surface of the part of the 
elastic medium lying on the side defined by the normal direction is taken in 
the theory of elasticity to be equivalent to the product of a vector b™, dependent 
on the direction (x), with the magnitude do of the area. By considering the 
equilibrium conditions for an infinitesimal tetrahedron cut from the body, 
we arrive at equation, (54), which shows at once that the stress is a tensor of 
the second rank. This tensor is given in any Cartesian system by an array of 
nine numbers || b; !|, the tensor being symmetrical, i.e. big = bgi as shown 
in the theory of elasticity. In other words, the projection on the z; axis of the 
stress acting on an area perpendicular to the z, axis is equal to the projection 
on the 2; axis of the stress acting on an area perpendicular to the x; axis. 

We now turn to the second example. Let C(M) be a vector field. If we choose 
a Cartesian system (x,, Ta, £3) and take the derivatives of the field components 
(C1 Cz, ¢3) with respect to the coordinates, we get the following array of nine 
quantities: 











By a Oe | 
i T, Oz," Or, © 
| Op Oy Oey; (57) 


ðr, Or," Or, 
n Bea Org Oey” 


o ðr,’ Oa,” Or, 





We define a corresponding vector 0c/0n for any given direction (n); for in- 
stance, the elements of the kth column of (57) give the components of the vector 
that corresponds to the z, axis. We have the expression, for any direction 
(n) [O, 108): 


Si Me. ei Be z 
Jn 7 COS (n, zı) ae, + cos (n, 2s) ar, + cos (n, T3) Oa, (i = 1, 2, 3), 


i.e. array (57) defines a tensor of the second rank. This tensor is in general neither 
symmetric nor anti-symmetric. But it is readily expressible as the sum of a 
symmetric and anti-symmetric tensor, where the sum of two matrices is under- 
stood to mean the matrix consisting of the sums of corresponding elements. 

We shall first make a general preliminary remark. The linearity of expression 
(53) implies that, if || 6, {| and || cy || are two tensors, the sum || 6% + 
+ ci || is likewise a tensor. Furthermore, the same formula remains valid 
on interchange of the subscripts, i.e. 


3 
bki = D bap {4}ip 14u. 
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so that if a matrix defined for any axes yields a tensor, its transpose likewise 
yields a tensor. Suppose now that we are given the tensor || bix |]. 
We can write this as a sum: 
il 


The first term on the right is clearly a symmetric tensor, and the second term 
an anti-symmetric tensor. 

On applying this decomposition to the tensor defined by (57), we get for 
its symmetric part: 


Bata) [Parte bri || 





i Dax || = | a 












































Ooa eaea] 
ji Or,’ 2\Gr, ' Ox, )’ 2 \ Ory On, li 

hl (8c, , 3c acy 1 (Oy , ac) ii S 
ee i a) Gx,” aleta). (58) 
E l (8c, , Oy) 1 (By 3e ae, : 
zlat a>). z a) dr, il 


If we have deformation of a continuous medium and MỌ is the displaeement 
vector, i.e. the vector giving the displacement of a point M of the medium, 
matrix (58) defines the so-called deformation tensor. The anti-symmetric part is: 














o z-i) z- sa.) ! 
A 2\@c, ~ Or, )’ 2\ G2, ~ Oz, ) | 
l (3e _ 3c l (õe, _ ðe). z 
l 2 (ee . a) 0, z- =) A (59) 
s(-#) z- a 0 
i 2 Ga, ~~ Ox, )’ 2 Vor, ~ Gr,” l 


We had an example before of splitting a tensor into two parts, in the particular 
case of a linear homogeneous deformation [II, 113], when we saw that the anti- 
symmetric part corresponded to a rotation of the space as a whole (without 
deformation) about a certain axis. 


25. The case of n-dimensional complex space. We now turn to the 
general case of n-dimensional space. We have already defined a vector 
in such space as a sequence of n real or complex numbers [12]: 


X (Tis Bos o- -3 Bq); 
the numbers being referred to as the components of x. We shall 
assume that the space is referred to a definite fundamental set 
a (1,0, ...,0); a®(0,1,...,0); ...; a®(0,0,...,1), 
so that 
x= aD aH onn Haa. (60) 


Vector equality and the elementary operations on vectors were de- 
fined by us in [12]. 
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We define a linear transformation of n-dimensional space as the 


passage from x(2,, %, ...,%n) to y(%, Yo: ---: Yn) in accordance with 
the formulae: 
Yi = la Tı F Aj ly +... $A, a, ({=1,2,...,n), (61) 


or alternatively: 
y = Ag, (62) 


where A is the matrix || aix ||? of the transformation. If its deter- 
minant D(A) differs from zero, transformation <62) is said to be non- 
singular, and A is a non-singular matrix. In this case, on solving 
equations (61) with respect to the z;, we get the inverse transforma- 
tion to (61) or (62): 

x= ály, (63) 


where the matrix A-1 has elements 
E Aki 
{AYa= Diy , (64) 


D(A) being the determinant of matrix A and A, the cofactor of its 
element aik. 

The definition of the product of two transformations is also ana- 
logous to the previous definition [21]: successive application of the 
two transformations 

y= Ax; z= By 
is equivalent to the single linear transformation 
z= BAX 


which is called the product of transformations A and B, and the 
matrix of which is given by 


n 
{BA} = > {B}; {Ala (65) 
s=1 
The product in general depends on the order of the factors, i.e. we 
bave, apart from exceptional cases: 
BA + AB. 


The definition of product is readily extended to the case of any 
number of factors, the associative law being applicable here, i.e. 
factors may be grouped: 


(CB) A =0 (B4). (66) 
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The inverse transformation satisfies the relationships: 
AAT = AT A =I; (4 =A, (67) 


where I is the so-called unit matrix whose elements are unity on the 
principal diagonal and zero elsewhere. The unit matrix corresponds 
to the identity transformation 


y,=2; (6=1,2,...,n). 


We define a diagona] matrix of order n as above: 





|j Ze 0. 0, -0 | 
i| 0, ka, O, 2125. 0 | 
[ki ko -e kn] = jj 0, 0, kg, ---, 0 | (68) 





This corresponds to the transformation: 


yi kızı (6=1,2,...,2). 


The product of diagonal matrices is independent of the order of the 
factors and is given by 


[krs kor e+ ey kn] [i las- - -s En} = [o des - - -3 bn] [o kas -o +s ken] 
= Ík; ly ka lz, N a 


In the particular case, k, = k, = ... = kn = k, we get the matrix 
j| k, 0, O, ..., 0 
| 0, k, O, 0 

Ltr EL 0, 0, t a Ola (69) 
i 7 ‘ 7 





corresponding to multiplication of all the components of a vector by 
the number k. We shall take matrix (69) for the simple number k, i.e. 
a number as a particular case of a matrix, which corresponds to what 
we said towards the beginning of this article. It may easily be seen 
by using (65) that the product of a number k, treated as matrix (69), 
with any matrix A is independent of the order of the factors and re- 
duces to multiplication of all the elements of A by the number k: 


{[k, k, k] Abin = {kA} = kf Ayr. (70) 
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Now suppose we have taken a new fundamental set b in place 
of the a above, the new set being expressed in terms of the a“ by 
the formulae: 

bD = ta + had + ... + ta | 
bd =t ua? $ inal? + ... $b,a™ (71) 
TEN ad +t a?) se eda, 


where the determinant made up of elements t; does not vanish. We 
can now, conversely, write the a“? linearly in terms of the b™, and 
any lincar combination of the a“ is at the same time a linear com- 
bination of b, and vice versa. In other words, the b™ taken as the 
fundamental set form the same space as the a“. If a vector x has 
components (Tı, ..-, Zn) in the system of coordinates defined by the 
fundamental set a“, in the system defined by the fundamental set 
b“ it will have different components (2j,..., £4), these being express- 
ible in terms of the previous components by means of the linear 
transformation contragredient to transformation (71), which can be 
written as 
(se ES POL nes (72) 
where T% is the transpose of matrix T of (71). 
If we have a spatial transformation given by (62) in the original 
coordinate system, it will be given in the new coordinate system by 


y = UAU’, (73) 
where 
U = T)-1, 
The matrix 
UAU- 


is said to be similar to A. 

The basic concepts in the above discussion are those of vector and 
matrix. Sometimes the vector x(z,,...,%n) is itself regarded as a 
matrix, where one column, no matter which, consists of the numbers 
Tiy +++, Tn, whilst the remaining columns are filled with zeros. Suppose, 
for instance, that we put the vector components in the first column; 
then the vector becomes in matrix form: 


| x, 0 ex , OF ii 





|7» © 0...., 0 


| 
| 
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Such a matrix in which only the elements of one column are non- 
zero, is occasionally denoted by 


z 12, 0,.... 07 
. |i 
T2 = }% O a OF, (74) 
È 7 Sle Ver ete ee 8 Ne i 
Tn le, 0,-..,0/ 


We now show that linear transformation (62) can be written as the 
product of matrix (74) and the transformation matrix A. We multiply 
matrix (74) by A in accordance with rule (65) and use the fact that 
only the elements of the first column of (74) are non-zero; this means 
that only the elements of the first column of the matrix product 
differ from zero, whilst it is easily seen that the non-zero elements are 


Yi = anty F apts +--+ Anes 


i.e. they in fact give linear transformation (62). We can thus write (62) 
in the form: 


Y ` a 
Y= 4% |, (75) 
Yn Zn 


where the right-hand side is the product of two matrices. 
We conclude the present section by noticing again the general laws 
obeyed by operations on vectors in n-dimensional space: 


x+y=yTx; (K+y)+z=x+(y+z). 
If x and y are any two vectors, the vector z = y — x is unique, 


has components (yy — x), and satisfies x + z = y. 
Let a and b be any numbers. We have: 


(a + b) x =ax — bx; a(bx)= (ab)x; a(x + y)=ax+ ay. 


We have 1x = x for the number unity, and 0x = 0, where the 0 
on the right-hand side denotes the vector, all the components of 
which vanish. 


26. Basic matrix calculus. Earlier sections have contained formulae 
in which the matrix appears as a new symbol, on which a number of 
operations analogous to those on ordinary numbers could be carried 
out. This naturally suggests the idea of constructing a new algebra 
which would be satisfied by symbols representing matrices. In other 
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words, we propose to regard a matrix as a new type of number, or as 
a hypercomplex number. Just as we arrived previously with the aid 
of two real numbers at the idea of a complex number of the form 
a + ib, so now we arrive at the new number, the matriz, with the aid 
of n? complex numbers air, arranged as a square array. An essential 
difference must be pointed out, however. We have seen that all the 
formal operations of the algebra of real numbers can be carried out on 
the letters symbolizing complex numbers. The same cannot be said as 
regards matrices. Matrix algcbra derives its fundamental difference 
from the algebra of complex numbers from the non-commutative 
nature of multiplication, ie. a product depends on the order of the 
factors. We now propose to establish the basic rules of matrix algebra; 
the results already obtained when regarding a matrix as the array 
of a linear transformation will be used as a guide in most relationships. 

We shall consider square matrices of the same order n throughout 
what follows, unless some special remark is made. We use the same 
notation as above, of {A}; for the elements of the matrix A. 

Two matrices 4 and B are reckoned equal when, and only when, 


{Ala={Bha (i,k, =1,2,...,n), (76) 


i.e. when all corresponding elements are the same. 
A matrix sum is defined by the formula: 


{A+ B},={A}at{Bha: (77) 


i.e. corresponding elements are added. 
Multiplication is defined by 


{ BA} x = >(B bef dhe (78) 


3=1 
As we saw above, in general 
BA + AB. 
though the associative law is valid [21]: 
(CB) 4 =C (BA). (79) 


The determinant of a product is equal to the product of the deter- 
minants of the matrix factors: 


D(BA) = D(B)-D(A). (80) 
The distributive law is clearly also valid: 


(44+ B)C=AC+ BC and C(A~B)=CA+CB. (81) 
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A special feature of matrix multiplication should be noted: a pro- 
duct can be zero, i.e. all its elements can vanish, although none of the 
individual factors vanish. The example may be quoted of the two 
identical second order matrices: 


\° olj, |0, a= 0 | 

[nol La of fo, ol 

The concept of the inverse matrix A-1 is brought in exactly as in a 
previous section; A must be non-singular, ie. D(A) #0. If C = BA 
and Ra, Rg, Rc are the ranks of A, B, C, we saw in [7] that 
Rc < Ry. If B is non-singular, A = BC, and we can say as 
above that Ra < Rc, and consequently, Rc = Ra, ie. the rank of a 
matrix A is unchanged on multiplication on the right or left by a non- 
singular matriz B. We have the relationships for the unit matrix I: 


BI=IB=B, (82) 





where B is any matrix. 
It may easily be seen that 4~- is the unique solution of the equations 


AX=IJ and XA=T, (83) 


where J is the unit matrix. For, on multiplying say the first equation 
on the left by A-1 and taking (79) and (67) into account, we get 
X = A~, and similarly for the second equation. It must be noticed 
that (83) has no solution whatever if D(A) = 0, i.e. no inverse of A 
exists. For otherwise, (83) would give us 


D(A) D(X)=1, 


which contradicts the condition D(A) = 0. 

The concept of diagonal matrix should be recalled from the previous 
section, as also the fact that any number k can be regarded as a parti- 
cular case of a matrix. We can easily bring in positive integral powers 
of a matrix: 

AP=A-A...A. 


Negative integral powers of a matrix are introduced as positive 
integral powers of the inverse matrix, i.e 
4 = (471). i (84) 
We obviously have 
AvP = (AP), ie ATP AP = APATI. (85) 
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The symbol for the quotient of two matrices: 
peal 
B 
does not have a definite meaning. We can interpret it in two ways: as 
the product 4B-', or as B-14; these products are in general distinct, 
and it is only in the particular cases when they coincide that the 
quotient symbol has an exact significance. 
A further basic concept is that of similar matrices which we also 
introduced in the previous section. We shall note a number of formulae 
which are very easily proved: 


(CBA) 1 = A7B (C4, (86) 
CBAC— = (CBC) (CAC}). (87) 

If A® denotes the transpose of any matrix A, we also have: 
(CBA) = AM BH CH, (88) 


which is easily verified by using the definition of product. Two new 
notations must be introduced. We shall write A for the matrix whose 
elements are the conjugates of the elements of A, i.e. 


{Ah ix = {A} ins (89) 
a symbol of the type a being used as usual to denote the conjugate of a. 


Lastly, we shall write 4 for the matrix obtained by interchanging rows 
and columns in A and replacing all the elements by their conjugates, i.e. 


{hic = {Ahe (90) 
The matrix 7 is generally called the Hermitian or Hermitian con- 


jugate of matrix A (due to Hermite, a French mathematician of the 
latter half of the nineteenth century). It may easily be verified that 


a ~N m 
CBA= ABC. (91) 
We suggest that the following elementary formula also be verified: 
(4L = 4-10), 
i.e. the signs of the inverse and transpose can change places, as already 
mentioned in [20]. 
We notice an expression which will be useful later. It follows at 
once from (67) that 
. D(A) D(A) = 1, 
i.e. 
D (4-4) = D(A). (92) 
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In other words, the determinant of the inverse matrix has a value 
equal to the reciprocal of the determinant of the original matrix. 
The concept of diagonal matrix may be generalized to that of quasi- 
diagonal matrix. This will be explained in a particular case. Let us take 
the seventh order matrix: 
yy, bia big, 0, 0 
bai baa bogs O, O 
bsi» b32» O33 O, O, 
0, 0, 0, Ciy M2 
0, 0, 0, Cir ĉzz 0, 
0, 0, 0, 0, 0, dy, diz 
0, 0, 0, 0, 0, dəz dz 
Let B denote the third order matrix with elements bix, and C and D 
the second order matrices with elements cix and dix, respectively. The 


above seventh order matrix is called a quasi-diagonal {3, 2, 2} struc- 
ture and is denoted by 


osss 


“ 


>o © ooo 


[B, 0, D]. 


We suppose in general that the principal diagonal of an nth order 
matrix, made up of the elements a,;, is divided into m parts, the first 
part consisting of the first k, elements, the second of the next k, 
elements, and so on, so that ky + ... + kbm = n. We can regard the 
first k, elements as the principal diagonal of a matrix X, of order k; 
the next k, elements as the principal diagonal of a matrix X, of order 
k,, and so on. Suppose that all the elements of our matrix A not 
belonging to matrices X, are zero. Then A is known as a quasi- 
diagonal matrix of structure {k,,..., km} and is written symbolically: 


A =[X,, X,,..-,X qq]. 


The rules for operating on quasi-diagonal matrices of the same 
structure are of unusual simplicity. We shall state the relevant for- 
mulae and omit the proofs: these are based on the definitions of the 
operations and are purely elementary. We have for addition of quasi- 
diagonal matrices of the same structure: 


[Xo Xo, .-., Xm] + LY Yo .--s Fm] = 
=[X + Yn Xa + Yy -Xm t Fal (93) 


where the fact of the same structure implies that every matrix X, 
is of the same order as the corresponding matrix Y,. Similarly, we 
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have for multiplication, and for raising to a power: 
[¥y, Yo, +.» Pm (Xi, Xa ---s Xm) = LY Xp Ya Xn -oaa Vn Xn), (94) 
[Xi Xa oo +s Xm] = (XG, XE, ..-, XR), (95) 


where p is any positive or negative integer, except, of course, that none 
of the determinants D(X,) must vanish if p is negative. 

The rule for the similarity transformation of a matrix [X,, X,...,Xm] 
with the aid of a matrix of the same structure is given by 


(Fas oa, En] ORME lef PRR: ga pare 
=[¥, X p Yit, p, Yn Xp Y]. (96) 


The geometric interpretation of the linear transformations supplied 
by quasi-diagonal matrices is seen as follows. We take for simplicity 
the seventh order matrix used above, the structure of which is defined 
by the numbers {3, 2, 2}, and we consider the corresponding linear 
transformation. If we have in the original vector (2,, ..., 2): 


Ta = T5 = Ty = T7 = 0, 
obviously, in the transformed vector: 

Ya = Ys =Y = 4, = 0. 
so that, in fact, all the vectors belonging to the subspace formed 
by the first three fundamental vectors belong to the same subspace 
after transformation, and the transformation will itself be defined 
by a third order matrix B. The same applies to the subspace formed 
by the next two fundamental vectors, and similarly, to that formed 
by the last two. 


It may be recalled here that the subspace formed by vectors x, ..., 
x is defined as the system of vectors given by 


ex) p... + 6, x0, 


where ©, ...,¢ are arbitrary constants. 


27. Characteristic roots of matrices and reduction to canonical form. 
Though similar matrices are obviously not equal in the sense of (76), 
they are equivalent in the geometrical sense inasmuch as they embody 
the same linear transformation of space, expressed in different co- 
ordinate systems. We shall now look for the invariants of these mat- 
rices, i.o. the expressions made up of elements which would have the 
same values for all similar matrices. One invariant is easily found. 
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This is the determinant of the matrix. For, given A, let U AU — be a 
similar matrix, where U is any matrix with non-zero determinant. 
We have by (80) and (92): 


D(U AU~) = D (C) D(A) D(U>) = D (U) D( 4) D (U0) = D(A). 


We form another invariant by taking the polynomial (A) of degree 
nm in a parameter 2, equal to the determinant of the matrix obtained 
from A by subtracting A from each diagonal element, i.e. by taking 


Ay, — A, Aya, ++ +5 Ayn 
F (A) == Qo), Aro i a A, ese Qin A (97) 
Anr Qng Onn — A 


where the a; are the elements of A. We can write this alternatively as: 


¢g()=D(A—-A=D(A—AN, (98) 


since A or AZ is a diagonal matrix by hypothesis, in which all the ele- 
ments on the principal diagonal are equal to 2. On replacing A by 
U AU — and noticing that commutation of 4 with any matrix is pos- 
sible, so that UAU-! = A, we have: 


D(UAU+ —4)=D [U (A — A) u~] =D(4— 2) 
whence 
D(UAU4—A)=D(d—A). (99) 


Hence we see that polynomial (97) is the same when formed for 
U AU -! as when formed for A. In other words, all the coefficients of 
(97) are invariants with respect to a similar matrix. The final coeffi- 
cient is obviously (—1)". We shall pay particular attention to the 
constant term and the coefficient of (—1)"~* 4"~*. The former is clearly 
the determinant, an invariant that we have already mentioned, The 
latter may be seen, on using the results of [5], to be equal to the sum 
of the diagonal elements. This sum is generally called the trace of the 
matriz, and is written as follows: 


Tr (A) = {4}a + {4} +... + {A}an = Gir + Gag +. -H anw 


where Tr is occasionally written Sp, from the German “Spur” (meaning 
“trace’”’). Similar matrices thus have the same determinant and the 
same trace. 
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We now write the equation 
D(A—A)=0, (100) 


known as the characteristic equation of matrix A, its roots being called 
the characteristic roots, or eigenvalues, of A. We can say from the 
above that similar matrices have the same characteristic roots. An 
equation of the form (100) has already been encountered. 

We now pose the question: is there a matrix V such that, on carrying 
out the similarity transformation on a given matrix A, the resulting 
V-1AV is a diagonal matrix? Or alternatively, expressed from the 
point of view of linear transformations of space, is it possible to choose 
coordinate axes such that a linear transformation characterized by the 
matrix A in the original coordinate system reduces in the new system 
simply to a transformation of the form y, = Ap 2,2 We should remark 
that the fact of writing V-!AV instead of the previous U AU ~ is of 
no real consequence. 

We can write down our condition as: 


V- AV =[A, A, Anh, (101) 


where it is required to find the elements of V and the numbers 2p. 
By multiplying both sides on the left by V, we can evidently re- 
write the condition as 


AV =F [A Ay - -< pl- (102) 


We now use (65) to find the elements on both sides with sub- 
scripts ¢ and k. This gives us n* equations: 


A) 


Big Vsk = Vik Abs 


Il 
- 


s 


where aix and vy, are the elements of A and F. 

We fix the second subscript k and put 7 = 1, 2, ..., which gives 
us n equations containing only the number 4, and the elements 
Uik» +++, Vnk Of the kth column of V: 


n 
D> %is Vsk = Akti (6 = 1,2, ...,2). (103) 
s=l1 


If we take the elements (vir, ..-, Unk) as the components of a vector 
v), we can write the above set as the single vector equation: 


Av) = A, v0, (104) 
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Hence the discovery of the matrix V that reduces A to the diagonal 
form amounts to finding the vectors v that are reproduced identi- 
cally except for a numerical factor as a result of the linear transfor- 
mation defined by A. This is the algebraic analogue of the position 
in present-day quantum theory, according to which Heisenberg’s 
matrix mechanics is in essence equivalent to Schrédinger’s wave 
mechanics. From the former point of view, the basic problem is that 
of reducing an (infinite) matrix to the diagonal form. As regards wave 
mechanics, the essential problem here is that of finding vectors (in 
space with an infinite set of dimensions) such that they are identically 
reproduced except for a numerical factor as a result of a linear trans- 
formation. We have referred to the above discussion as the algebraic 
analogue inasmuch as the problems are reduced to purely algebraic 
problems by confining ourselves to space with a finite number of 
dimensions. The more complex case of space with an infinite set of 
dimensions requires an essentia] departure from ordinary algebra 
and makes use of the apparatus of analysis. All these questions are 
treated in detail later, though it may be mentioned meantime that 
applications to physics in the case of a finite number of dimensions 
require only matrices A of a particular type (Hermitian matrices for 
which aik = aix) and matrices U likewise of a definite type (unitary 
matrices, the definition of which is given below). Although we shall con- 
sider here the general problem for any finite matrix, we confine our- 
selves to the statement of final results without full proofs. A full 
solution will only be given in the case of problems of practical interest. 

We turn to the solution of system (103) or (104). This becomes, 
when written out in full: 


(ti Esi Ay) Vik + A12 Vok +...+ Gin Vnk = 0 
gy Vik T (a23 — Ay) Var + +--+ Agn Ppp, = 9 (105) 


Ont Vik F Ang Vey F- - -F (Ann — Ax) Une = 0. 


The necessary and sufficient condition for obtaining a non-zero 
solution for (v4, ..., Vnk) is the vanishing of the determinant of the 
system, i.e. 4, must be a characteristic roots of A. We shall only treat 
in detail the case when the characteristic roots are distinct. Let the 
roots be 4,, ..., 4,. On substituting the first root 4, in the coefficients 
of system (105), we can find from this the elements of the first column 
of V. We shall not go into the question of how wide is the 
choice of the va. We choose a solution of the system in any uniquely 
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defined manner with the only proviso that it be non-zero. Similarly, 
on replacing A; = 4, in the coefficients of (105), we can find the ele- 
ments of the second column of V, and so on, as far as the nth column. 
Equations (105) are equivalent to (102), and all we need in order to 
arrive at the basic equation (101) is the existence of the inverse V-? 
of V, i.e. non-vanishing of the determinant of V. We prove this latter 
property by assuming the contrary, i.e. let the determinant vanish. 
As we know from [12], this is equivalent to the existence ofa linear 
relationship between the vectors v“ defined by the columns of V: 


Cv) 4... 4 0,v = 0, 


where not all the coefficients C, are zero. We apply the transformation 
defined by matrix A (n — 1) times to both sides of this equation. 
Using (104), we have the n equations: 


Cyv) +... + C,v™ = 0 
4,C0yVO+...+ 4,6,¥% =0 


ey 


MAC VO +... + W106, vo = 0. 


Since not all the vectors CO, v“ vanish, we can say that the deter- 
minant of the system must vanish: 


die a i | 
Ay Ay, ’ A, |= 0, 
| api, 2-1, am | 


where the numbers 4; are distinct by hypothesis. But this last equation 
contradicts the fact that the Vandermonde determinant of distinct 
numbers cannot vanish. We have thus proved the possibility of re- 
ducing the matrix by means of the similarity transformation to the 
diagonal form in the case when all the characteristic roots of the matrix 
are distinct. When some characteristic roots are equal, it may happen 
that the matrix cannot be reduced by a similarity transformation to 
the diagonal form. None the less, there exists in this case a simplest or 
canonical form of the matrix. In the case when the matrix reduces 
to the diagonal form, the canonical form becomes 


[Ay Ay, --- Aab 
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where 2, are the characteristic roots of the matrix. We shall merely 
state the result in the general case.t Let 4 = a be a root of equation 
(100) of multiplicity k. Further, let 2 = a be a root of multiplicity k, 
but not more than k,, of all the (n — 1)th order determinants of the 
array on the left-hand side of (100), i.e. every such determinant is 
divisible by (4 — a)", but at least one is not divisible by (A — a)*1. 
Similarly, let all the (n — 2)th order determinants have À = a as a 
root of multiplicity k,, but not more than k, and so on, till finally the 
same root is of multiplicity km for all the (n — m)th order determinants, 
whereas at least one of the (n — m — 1)th order determinants is non- 
vanishing for A = a. This last will evidently be true for the successive 
lower order determinants. It can be shown that the sequence of numbers 
k, is decreasing, i.e. 


k>k>k, >... > bn: 


We bring in the following positive integers: 
lL=k— k; h= k — kj -5 Ini = Ëm 
where obviously, 7, + l + ... + lmp = K- 
The expressions: 
(A—ayh; (A— a); ...; (À— ajer 

are known as the elementary divisors of matrix A corresponding to the 
root A = a. We can similarly find the elementary divisors for all other 
characteristic roots of 4 and hence obtain the set of elementary divisors: 

(AA) (A— Ay; a (A AD), (106) 


where 
+t... Hon (107) 


and not all the 2, need be distinct. 

We saw above that the characteristic roots are unchanged by a 
similarity transformation. The set of elementary divisors of a matrix 
happens to possess the same property. We now introduce some new 
elementary matrices I,(a), where the symbol represents the matrix 
of order ọ in which a is repeated down the main diagonal, unity is 


t A proof will be found in a special note at the end of Part 2 of this 
Volume. 
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repeated down the diagonal below, and the remaining elements are 
zero: 





| a, 0, 0,..., 0, 01 
l, a, 0, , 0, 0} 
i! 

I, (a) = 0, 1, @,..., 0, w, (108) 
PESER OENTET | 
10, 0, O,..., 4,0 i 
0, 0, 0,..., 1, a | 


The following result is fundamental for the problem of representing 
a matrix in the canonical form: if 4 has elementary divisors (106), 
there exists a matrix U with a non-zero determinant such that 


UAU-* = [Iy (ty) Ies a)» +--> Te (Ap)]- (roa 


We mention that finding U reduces to elementary algebraic op- 
erations if all the characteristic roots of A are known. If 0 = 1, L(a) 
is understood to mean simply the number a. It can happen that, even 
with the existence of equal characteristic roots, all the elementary 
divisors (106) are simple, i.e. have the form 


(A—4); (A—A); «0s (A i). 
In this case the quasi-diagonal matrix 
Ha (4) Ia (%), <- -o Io 4) 
reduces simply to the diagonal matrix [ż, ...,7,], and we have 


reduction of the matrix to the diagonal form. 

It must be pointed out that the matrix U appearing in (109) is not 
uniquely defined. In particular, if d is the magnitude of the determi- 
nant of U, we can replace 


U by- Y and U- by au, 
Va 


in (109), and hence we can take the determinant of U in (109) as 
equal to unity. Our treatment of the general problem of reducing 
a matrix to the canonical form is limited to these remarks for the 
present, though we return to discuss it in a special note at the end 
of Part 2 of Vol. II. As already mentioned, a detailed treatment of the 
problem for a particular type of matrix will be found below. 

It is easily shown that the necessary and sufficient condition for a 
matrix to be reducible to the diagonal form is for the rank of the matrix 
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of the coefficients of system (105) to be equal to (n — ur), where py is 
the multiplicity of the root A, of the secular equation. When this 
condition is satisfied, system (105) defines ux linearly independent 
vectors (Oik, Oaks - - -s Unk) [14]. 


28. Unitary and orthogonal transformations. We shall make use in 
this and later sections of the concepts of scalar product and vector 
norm (length), introduced in [13]. We recall that the square of the 
norm (length) is defined by 


Iz= 0a) = Slat, (110) 


or, in the case of real components: 


ix = Sa. 


This definition of norm is bound up with a definite choice of funda- 
mental vectors, i.e. of coordinate axes. We shall refer to the coordinate 
system in the above definition of norm as a normal or Cartesian system. 
Apart form vector length, we have defined the scalar product of two 
vectors by the formula 


(x, Y) = AY, + Loh, + --- + En- (111) 
In the case of real vectors, this expression takes the more symmetrical 
form 

(x,y) = BY. H Loe + --- + Enn. 


It follows from (111) that the scalar product changes to its conjugate 
on changing the order of the vectors: 


(y,x) = (x, y)- (112) 


We have described two vectors as perpendicular or orthogonal when 
their scalar product is zero. 

In future, unless something is said specifically, we assume that a 
Cartesian coordinate system is in question. In view of this, the linear 
transformations corresponding to passage from one Cartesian system 
to another have a special significance. We know that there is a cor- 
responding linear transformation of components for every passage 
from one fundamental vector set to another. Let us take the trans- 


formation 
(Yi -- -3 Yn) = U (Eo ce.) (113) 
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where the original coordinate system is Cartesian. The necessary and 
sufficient condition for the new system to be Cartesian is for the 
length of a vector in the new system to be likewise given by the sum of 
the squares of the moduli of the components, i.e. 


lwP2t--»-+lyP=|%/%+-...+]a,/- (114) 


We show that, with this, the value of a scalar product is given in the 
new system by an expression analogous to (111). For suppose we have 
the two vectors 


X (£i soy H,) and = (ti, -s £h) 
in the original coordinate system, corresponding in the new system to 


Y (Yi - -Yn and Y (yj, -- -s Yn- 


We form two new vectors: z =x + x’ and u =x + ix’, with compo- 
nents (a, + zk) and (2, + izk). Assuming condition (114) fulfilled, 
we have 


= (Ya + Ye) (Ya + Yid = 2 (Ek T Th) (Er + Te), 


whence, again by (114), we get finally : 


È T+T) = = (zT + 24%), (115,) 
since 
Sin = Pa and Divih= Zlat. 
Similarly: 


> (Yk + iYi) (Yu — Yk) = > (Er + ty) (Zp — Tp) 


k=l 
and consequently: 
= fo. mr 4 n — aa 
D (YkYk — Ye Ya) = X (2k Tye — Tr Tr). (1152) 
k=1 


Equations (115,) and (115,) give: 


Pie È ne (116) 


k=l 


i.e. the scalar product is in fact given by the previous formula. Hence, 
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if transformation (113) satisfies condition (114), it likewise satisfies 
(116), i.e. the value of the scalar product remains invariant. Con- 
versely, (114) follows from (116), if we put aj = a in (116), since the 
scalar product of two identical vectors obviously reduces to the square 
of the length of the vector. Linear transformations that satisfy con- 
dition (114) or (116) are generally called unitary. 

If we take real space and linear transformations with real matrices, 
condition (114) becomes simply 


Yitwt-.-FyH=Btay+...+ a, (117) 


and the corresponding rea] transformations are called orthogonal. 
They are evidently particular cases of unitary transformations. 

We shall now elucidate the special properties of unitary transfor- 
mations. We write conditions (114) for transformation (113) in the 
explicit form, the elements of U being denoted by uig: 


Sitar tet tanta = Seu 


or 
n 


— en — a n — 
D (Ma By ++ Urn Tn) (Unti t. Un Bn) = Sey Ty (118) 
k=l kel 

On removing the brackets on the left-hand side and equating coeffi- 
cients of Tp p to unity, and of £p Z, (p # q) to zero, we have the 
necessary and sufficient condition for the elements of a unitary 
transformation in the following form: 


n 
>| 4)? =1 (p = 1,2,...,7), 
a (119) 
> Up Ug = 9 (p #9); 
P=) 


to 


i.e. the sum of the squares of the moduli of the elements of each 
column must be equal to unity and the sum of the products of element 
of one column with the conjugates of corresponding elements of an- 
other column must be zero. These conditions are sometimes written as 


n 
D Urp Ung = Òpg> (120) 
k=1 


where dp are the elements of the unit matrix, i.e. 


Z l PD, (121) 


Preia ip =q) 
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We applied above to identity (118) the method of undetermined 
coefficients. This is sufficient, of course, for satisfying the identity. 
It is easy to show, by assigning particular values to z,, that identity 
of the coefficients of like terms is also necessary. 

We take determinants D(A) and D(A), the latter consisting of con- 
jugate elements of the former. On multiplying these column by column 
[6], we obtain by (119) the determinant of the unit matrix, i.e. unity. 
On the other hand, it is clear that both our determinants are expressed 
by complex conjugate numbers, and it follows at once from what has 
been said that 

| D(A)? =1, 
ie. the square of the modulus of the determinant of a unitary matriz is 
equal to unity. In other words, the determinant of a unitary matrix 
has a modulus of unity, i.e. is expressed by a complex number of the 
form e™, where g is real. 

We introduce into the discussion U®), the transpose of matrix U. 

Conditions (119), which are generally known as column orthogonality 
conditions, can be written in the matrix form 


UU =I, (122) 
which is equivalent to 
U32=UM =, (123) 


i.e. if a matrix is unitary, its inverse is equal to its Hermitian conjugate. 

The transformation U-1, the inverse of U, expresses the passage 
from vectors y to x. This also clearly satisfies unitary condition (114), 
i.e. if U is a unitary matrix, its inverse U- is also unitary. In other 
words, by (123), U is unitary, and its columns satisfy the orthogonality 
conditions. But the columns of U are the rows of U. We can thus say 
that the rows as well as the columns of a unitary matrix satisfy ortho- 
gonality conditions, i.e. we have in addition to (120): 


n 
X Upr Ug = Spq- (124) 


Similarly to the above, if matrices U, and U, satisfy condition (114), 
their product U, U, also clearly satisfies this condition, i.e. the product 
of two unitary matrices is also unitary. 

We indicate two alternative forms of the definition of unitary 


matrix: 
| Ux|? =|x|? or (Ux, Ux’) = (x, x’), (125,) 


x and x’ in the second equation being arbitrary vectors. 
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We now consider the situation when a unitary matrix has real 
elements. As already mentioned, it is described as orthogonal in this 
case, the corresponding transformation being an orthogonal trans- 
formation. Here we have, instead of (120) and (124): 


n n 
Z Ung = Ôpq 5 S rk Ugn = Ôpq- (125,) 


Moreover the determinant of the transformation must certainly be 
a real number, so that its value can only be +1. These real orthogonal 
transformations in n-dimensional space are the complete analogue of 
the transformations of three-dimensional space that we discussed in 
[20]. In the real case, moreover, U coincides with U“), ie. the inverse 
transformation U-1 is got from U by replacing rows by columns. 

We mention further that every complex number e”, where ¢ is real, 
regarded as the matrix [e’?, eke. e], represents a unitary matrix, 
and if U is a unitary matrix, the product e? U is likewise unitary. We 
explained in [25] the meaning of the product of a number with a 
matrix. 


29. Buniakowski’s inequality. In the present section we establish an 
inequality which will be useful later. We have already derived this 
inequality in Vol. II [II, 156]. It consists in the following: whatever 


the real numbers a, a, .-.,@, and f,, fo -.., Bm, we have: 
m 2 m m 
PID <ZA Bh (127) 


where we have the equals sign when and only when the a, and fp are 
proportional, i.e. 


Pu Pt Pm , (127) 
Let £ be any real number. We form the sum: 
m 
8 = > (fx = AA 
k=1 
which is clearly > 0. We have the equality when and only when 


a a, an 


and obviously in this case: 





IM 
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Generally speaking, on removing the brackets in S, we get the quadratic 
expression 
S=AP—2BESC 
where 
m 
A=; B= Žofri C= SK. 
kel k=l 

The quadratic expression remains > 0 for all real £, whence it follows 
that AC — B? > 0, ie. B? < AC, which leads to inequality (126). 

If AC — B? = 0, the quadratic form must vanish for some real £, 
whilst condition (127) must be fulfilled, as we saw. Conversely, if 
the condition is satisfied, we have the = sign in (126). Now let the a, 
and fr be complex numbers. Using the fact that the modulus of a sum 
is < the sum of the moduli of the terms, we get 


m 
> ay Êk 
kæl 








m 
< Dox [Bl - 
k=l 


On applying inequality (126) to the last sum, consisting of positive 
terms, we get 


p Sau < Bloat: S| fel. (126,) 


It is easily shown that in i present case, with complex a, and fr 
the sign of equality occurs when and only when |a] and | r| are 
proportional, and all the products ax x have the same argument. 
Inequality (126) is applicable to integrals as well as sums, as already 
mentioned in [II, 156]. If f(z) and f,(z) are two real functions in the 
interval a < x < b, the inequality for integrals is 


b b b 
| fA@h adf < (Ale)ade- ff (2) dx. (126,) 
We see this by forming the expression 


(EAM —h@Pde =F f A (a) de — 2 f f (2) fa (2) de + f A (2) de 


where & is any real number. The form of the left-hand side implies 
that this cannot be negative for any real §. But if an expression of 
the form 4& — 2£B + C is non-negative for all real £, we know from 
elementary algebra that AC — B? > 0. On applying this to the right- 
hand side above we get (126,). The inequality was first proved for 
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integrals by V. L. Buniakowski. It was encountered by Cauchy for 
sums. 


30. Properties of scalar products and norms. We now mention 
some properties of scalar products and norms. On applying (126,) 
and taking into account that | J, | = | Yx |, we can write: 


i ug -= 2 le ea 
ay Pa| Sei < Sinb- Sinb, 
k=1 k=1 k~1 





i.e. 
i y)1<[lx(l-lly!. (128) 
We now prove the so-called triangle rule: 
lz +yli < lx] + Iyl- (129) 
We have: 


lx + y|? = (x +y, x+ y) = (x, x) + (y, y) + (x y) + (y x), 
so that we get by taking into account (128): 


lx+ yl? < ix] + yle + 2y = xl iy 


whence (129) follows. 

We conclude the present section by considering the effect of the 
choice of coordinate system on the metric of a space, i.e. on the 
expression for the square of the length of a vector. Suppose we choose 
a new system in place of the fundamental Cartesian system, with 
the fundamental set consisting of the independent vectors 


z® z9... of), 
We shall have for any vector: 
x2, zD 4... 22,2), 


where the z, are its components in the new coordinate system. 
The square of the length of this vector will be given by its scalar 
product with itself, i.e. 


|x = (2,29 4... + 2,2, 2294 ...+ 2,20). 
On expanding in accordance with the formula previously given, we 


get the following expression for the square of the length of the vector: 


n 
|x? = D Akik (130) 


i. k=1 
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where the coefficients a; are given by 
Gik = (z, zi) à 


These latter evidently take their conjugate values on interchanging 
the subscripts, i.e. 
aki = Gip- (131) 

A sum of the form (130), with coefficients satisfying condition (131), 
is generally referred to as an Hermitian form. It follows at once that 
every expression of type (130) with condition (131) has real values 
only, whatever the complex 2;,, since with 7# k a pair of terms of (130) 
will be conjugates, whilst in the case of terms of the form ax, | Zr [?, 
the agx are real by (131). Furthermore, we can say from the method 
of obtaining Hermitian form (130) that it is not negative and only 
vanishes when all the z, vanish. Formula (130) in fact defines the 
metric of the space in the new coordinate system. 

Metric (180) will coincide with metric (110) in the corresponding 
Cartesian system if 


a,=0 for i#k and a,=1 
or 
(2, 2©)=0 for ik and (z, 2) =1, 


or in other words, if the 2 that we have taken as the fundamental 
set are mutually orthogonal unit vectors (of unit length). 

A further point is that, if (113) defines a unitary transformation 
of vector components, the corresponding transformation for passing 
from the original to the new fundamental set is given by the matrix 


g-a, 


the contragradient of U. This array coincides with U in the present 
case by (123), whilst it coincides simply with U in the case of real 
orthogonal transformations. 


31. Orthogonalization of vectors. Suppose we are given any m 
linearly independent vectors x, ...,x°". A set of vectors 


CxO 4... 40, x, 


where the C, are arbitrary constants, defines our total space if m = n 
or an m-dimensiona] subspace #,, if m < n. We show that m mutually 
orthogonal unit vectors can always be constructed so as to form the 


same subspace #,, as the vectors x In other words, these new 
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orthogonal unit vectors z“? must be expressible linearly in terms of 
the x, and conversely, the x“ must be expressible in terms of the 
z, We can construct these vectors in accordance with the following 


scheme: 


y® = x0) 
(2) — x2 — (x) zD), z 
y x (x®, 2), z (132) 
y) = x(3) _ (x), zd) z) — (x2, zi2)) zi? 
where 
iis, E ; 2 = (133) 


O Ty = Ty 


The vector z” is found from y® simply by dividing by the length 
of y™ so that the length of z™ is unity. Next y® is constructed in 
accordance with the above formula, and its definition implies at 
once that it is orthogonal to 2“): 


(y®, z9) = (x®, z)) = (x®, z0)) (2, z0) =0. 


On dividing y® by its own length, we get z®. Next we construct 
y in accordance with (132), and it follows directly from the defini- 
tion that it is orthogonal to z™ and z. 


For we have by the orthogonality of 2 and z™: 
(y®, zí») = (z, z2) sa (x®, z?) (z, z2) =0. 


Division of y® by its own length gives us z®?, and so on. 


All the newly constructed vectors are given linearly in terms of the 
x. It is easily seen that conversely the x“ are expressible linearly 
in terms of the 2“. We can do this simply by solving successively 
the above equations with respect to x x) and so on. 

We notice also that none of the new y“ can be zero. For if we 
obtained some zero y“ at some step in the working, since this is 
given in terms of the x by a linear expression in which the coefficient 
of x™ is unity, we should now have linear dependence of certain of 
the x, which contradicts our hypothesis that these vectors are 
linearly independent. 

We recall that if pairs of a non-zero vector set are orthogonal, 
the vectors must be linearly independent. 

If m = n, the z™ yield a complete system of orthogonal unit 
vectors, forming a Cartesian system. But if m <n, a complete 
Cartesian system requires the addition to the z of a further (n — m) 
vectors, these latter being orthogonal both to each other and to 
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the z”. These new unit vectors must thus form a subspace Ri_m 
of (n—m) dimensions, orthogonal to the subspace Rm [12]. The new 
required vectors u must satisfy the system of equations 


(u, xD) =0,..., (a, x) =0. 


We have here a system of m homogeneous equations with n 
unknowns, the rank of the system being m, since the vectors x“? 
are linearly independent [12]. The system has (n — m) linearly 
independent solutions, i.e. we get (n — m) linearly independent 
vectors. On applying the above process of orthogonalization to these 
and reducing their lengths to unity, we obtain our complete set of 
linearly independent unit vectors. 

We notice one further point. The subspace Rm formed by the 
orthogonal unit vectors z“) can equally be formed by another system 
of orthogonal unit vectors. We see this simply by applying a unitary 
transformation to the system of z“. Thus the process of orthogonaliza- 
tion can be carried out in different ways, and the method indicated 
above is only one of the possibilities. 


32. Transformation of a quadratic form to a sum of squares. We take 
a second order surface in space with its centre at the coordinate 
origin: 
Ag? + By? + C2? + 2Dry + 2Hhaz + 2Fyz+ G =0. 
New axes (2’, y’, 2’) can always be chosen such that only terms 
containing squares of the coordinates remain in the transformed 
equation, i.e. such that the transformed equation has the form 


Ay? + Ay? + hz +=. 


The problem amounts to finding the orthogonal transformation 
relating variables (x’, y’, z’) and (z, y, Z), so that the set of second 
degree coordinate terms on the left-hand side of the equation reduces 
to a sum of squares. We formulate the analogous problem for real 
n-dimensional space. Let us have the real quadratic form in n variables: 


n 
P (Tis --- 9 Tn) = > Vin ZX, (134) 
i kel 
where the a; are real coefficients satisfying the condition 
Aki = Viz: (135) 
We can take in the previous example, £t = T}, Y = %, Z = % and 
tn = A, dy = B, a3 = C, hy = dy, = D, hs = Ay = E, aag = Oy = F. 
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The matrix composed of elements aig is known as the matrix of 
the quadratic form (134). This is a symmetric matrix, i.e. the same 
as its transpose. 

Suppose we transform (134) to new variables z; instead of £p, the 
transformation being written as 


(Zi -- -> En) = B (Ti - - -> £h)» (136) 
where B is a matrix with elements big. On substituting in (134) from 
(136), we get 


n 
= 2. aip (Bi ti + e + bin Zh) (ba t + KAS + byn Ep): 


Removal of the brackets gives us for the coefficient of zp z} with 
DAG: 
n 
> din Bip brg + big brp). 
i, k= 
It is easily seen by using (135) that half the last expression is 
simply equal to the sum: 


n 


= bip > Din Chg - 
Ik ka 


Hence, on dealing similarly with the case p = g, we see that the 
quadratic form becomes in the new variables: 


n 
= > Cik Ti Eho (137) 
i, k=1 
where 


n n 
Ciy = Cu = Y br Y Usb- 
t=1 s=l 
Summation over $ gives {AB};,. If we take ¢ as indicating the 
column and ¢ as indicating the row in the factor bu, bu will be the 
element {B},, of the transpose, whence 


n 
Cik = Cki = {B}; {AB}, 
t=1 
i.e. the transformed form (137) has a matrix given in terms of the 
matrix A of the form in the original variables and the matrix B of 


transformation (136) by 
C = B® AB. (138) 
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If transformation (136) is orthogonal, the transpose B® of the 
orthogonal matrix B is the same as the inverse B-1, and we have in 
this case, instead of (138): 

C = B—! AB. (139) 


Our task of finding an orthogonal transformation (136) reducing 
the quadratic form (134) to a sum of squares is thus equivalent to 
the task of finding an orthogonal matrix B such that matrix (139) 
is simply a diagonal matrix [2,, ...,4,], inasmuch as, if a form 
reduces to a sum of squares, its matrix is in fact a diagonal matrix 
whose elements 7, are the coefficients of the z. We must there- 
fore have, as previously: 

B- AB =[A, ---,An] 
or 
AB=B[A, ---.4,]- (140) 

We remark that the A here is real and symmetric, and not an 
arbitrary matrix, whilst B must be orthogonal. We shall proceed 
precisely as in [27], when considering the general case. We re-write 
(140) as 

n 
X tis bsr = Arbi- (141) 


$=l 


We thus have n equations for the elements of the kth column of B. 


On introducing the vector x with components (by, ..-, nx), we 
can write the last equation as 
Ax) = A, x, (142) 
On taking all the terms of (141) to one side, we have a system of 
n homogeneous equations for bik, .... Bax: 


(Air — Ay) bir + Aya Bag +--+ + Gay bar = 0 
az bir + (Aan — Ay) bar + --- + Gon Dne = 0 


esoe elol la ll ll l‘ l l ‘Ñ ) 


(143) 


The determinant of this system must vanish, and we get an algebraic 
equation of degree n for the numbers 2x: 
| Gy À, üw -s Gn 
i As: SA, ..., Qon 
a = mno |=0. (144) 
i 
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As we know, this is the characteristic equation of matrix A. 

We show first of all that all the roots of equation (144) are real 
for a real symmetric matrix A. We start by indicating a new way 
of writing a quadratic form. Let x be a vector with real or complex 
components (Ty, ---, Zn) and A a matrix with any elements aj. 
We form the scalar product: 


(Axx) = S F(a, 2, +... + in Ta) 
isi 


It can evidently be written in the form: 


n 
(Ax, x) = > Qip Li Ly - (145) 
i, k=1 
If the condition 
Oy; = Gy, (Gpp — Teal) , (146) 


is satisfied, we have an Hermitian form, the value of which is necessarily 
real. The case of real symmetric A is a particular case of condition 
(146). If in addition the components of x are real, (145) in fact yields 
the quadratic form (134). 

We now turn to the proof that the roots of (144) are real. Let A, 
be a root of the equation. System (143) now gives us the the com- 
ponents of a vector x (real or complex) which satisfies equation 
(142). We take the scalar product on the right with x of both sides 
of this equation, and get: 

{x i2 Ak — (Ax, x) g 


The expression on the right is a real number, as we have seen, 
and consequently 2, is also a real number. We have thus proved 
that the roots of (144) are real not only for a real symmetric matrix 
but also for any matrix whose elements satisfy condition (146). 
These latter matrices are generally described as Hermitian. 

The coefficients of system (143) are real numbers in the present 
case, and we can take the components of x“? as real. We now show 
that if A, and 4, are two different roots of (144), the corresponding 
x” and x satisfying equation (142) are mutually orthogonal. 
We have by hypothesis: 


Ax) = A, x); Ax) = Ay x@ i 


On forming the scalar product of the first of these equations with 
x, and of the second with x, and subtracting, we get: 


( Ax®), x) — (x®, Ax@) = (a, = A) (x), x). (147) 
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We now show that, for any two (real or complex) vectors x and y, 
we have 
(Ax, y) = (x, Ay). (148) 


provided only that the elements of matrix A satisfy condition (146). 
The left-hand side of (148) gives, in fact: 


n 
(Ax, y) = Y (Ga Ti T --- + arn Bp) Fr = > aki Li Ür 
k=1 i, k=1 
or, by (146): 
(Ax, y) = > Gin BiG - 


i, k=1 

The right-hand side of (148) yields the same result. Our formula 
must likewise be valid for real orthogonal matrices, since these are 
a particular case of Hermitian matrices. By (148), the left-hand 
side of (147) is zero, and since J, # îp we have (xP, x?) = 0, 
i.e. vectors x® and x are in fact orthogonal. These vectors are 
real in the present case, and their orthogonality amounts to the 
condition that the sum of the products of their components is zero. 

Thus if (144) has different roots, we have n mutually orthogonal 
real vectors x, Equation (142) is linear and homogeneous in x”, 
and we can therefore multiply a solution of it by an arbitrary constant. 
It follows that we can take the lengths of the x“ as unity. 

The components of these vectors form the columns of matrix B. 
In other words, B satisfies the condition for orthogonality with respect 
to columns, and is an orthogonal matrix. Hence our task of reducing 
a quadratic form to a sum of squares by means of an orthogonal 
transformation — or what amounts to the same thing, of reducing 
a matrix A to a diagonal form — has been solved, provided we assume 
that equation (144) bas n different roots. The numbers 4, are known 
as the eigenvalues of matrix A, whilst the x“ are the eigenvectors of 
the matriz. 


33. The case of multiple roots of the characteristic equation. We now 
take the general case, when equation (144) can have multiple roots. 
We find the solution of (142) corresponding to a given root 2 = A, 
of (144). The solution will be a real vector x of unit length. We 
associate with it a further (n — 1) real unit vectors, so that altogether 
a complete system of orthogonal unit vectors is formed [31]. The 
passage from the old to the new fundamental] set will be expressed 
ag usual by an orthogonal transformation of the vector components, 
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and A becomes the similar matrix A, = By* AB,. The equation 


A,x = dx (149) 


corresponding to the new matrix, will have x™ as the solution 


corresponding to the eigenvalue 4 = 4, (the eigenvalues are invariants 
in a similarity transformation), where x” is the vector we took as the 
first of the fundamental set, so that its components are (1, 0, ..., 0). 
On substituting this solution in (149), we get: 

A,(1, 0, ...,0) = (A, 0, ..., 0), 
so that we have at once for the elements of the first column: 


{4;}u = h; {4i} > fáis So S {Ai} =0. (150) 
We now show that the real matrix A, is also symmetric, i.e. is 
the same as its transpose. In fact: 


A® = (Bz! AB,)™ = BY AM BO-1, 
But since B, is orthogonal: 
B® = Br) and B®- = B,, 
whence it follows that 
Am = A. 


On taking (150) into account, together with the symmetry of 4, 
we can write: 


{Ai} =A; {dija zE {Ai} E enm bate = {dihin =0, 
i.e. all the elements of the first row and first column of A, vanish 
with the exception, of course, of {4 ji = 4, ie. A, has the form 


I Ay, 0, , 0 
(1) ao) 
“=| oa T keeran 
| 0, a8, ..., OR a 


where we have written a‘? for the elements of A). 
The quadratic form g becomes in the new variables: 


n 
gp=hye t > RY- 
i, k=2 
We have thus isolated one square and now have to consider the 
quadratic form in (rn — 1) variables 


> a Yi Yk 


i k=2 
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or what is the same thing, we have to consider the (n — l)th order 
matrix C, corresponding to this and forming part of A,. We can 
argue here exactly as above and find a unit vector x in the (n — 1) 
dimensional subspace formed by the remaining (n — 1) fundamental 
vectors such that x® is a solution of the equation 


OA xd — 4, x) 


This vector is clearly orthogonal to x. The fundamental vector 
x is preserved after this second transformation, whilst the remaining 
fundamental vectors become a new mutually orthogonal unit set, 
the first of which is x®. The quadratic form pọ becomes in the new 
variables 


n 
P=AhyP thy t+ Y ah yi yk- 


i, k=3 


By proceeding thus, we finally reduce the quadratic form to a sum 
of squares, i.e. we reduce the corresponding matrix to a diagonal form. 
We do this as a result of applying a series of orthogonal transforma- 
tions, and this is clearly equivalent to the application of the single 
orthogonal transformation B equal to their product. 

The final diagonal matrix 


Bo AB=[A,,..., aq] (151) 


is similar to the original matrix A, and consequently its characteristic 
equation 
4,—-4, 0, ..., 0 
0, Ag—A,..., 0 =0 


>... ea ooga o‘  D 


| 0, 0, wees 4,—A 


is the same as (144), in other words, the coefficients 7, of the squares 
in the reduced quadratic form 


pa Aap t... t nT (152) 


are the roots of (144), each multiple root being repeated as many 
times as its multiplicity. 

As we know, each column of the final orthogonal transformation B 
yields a vector which is a solution of (142), where the method of 
derivation implies that the A, corresponding to a given column is the 
same as the coefficient of the corresponding variable in quadratic 
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form (152). The situation may be indicated more precisely. By (136), 
the orthogonal transformation B, which satisfies condition (140), 
transforms the variables (a4, ..., £h) tO (2, -- -s &p)- 

The inverse B- is the transpose of B, i.e. we have 


Zr = birti +... +62, (K=1,2,..., n) (153) 


and x“), with components (bix, - .., bng), is a solution of (142) with 
A= Ax. 

We finally show that we have found all the solutions of (142). 
First of all, it follows from the above arguments that 2, must be a 
solution of (144). Let 2 be any root of this equation; we suppose 
for clarity that it has multiplicity three, whilst it is obviously possible 
to take 4 = 4, = A, = Ay. The equation 


Ax=i,x (154) 
now has, by the previous discussion, the three solutions: 


ED (Dies ney bm); KO (big <- e, bna); x? (bigs -< -> Ong) - 


We show that every solution of (154) must be a linear combination 
of these. If this were not so, we should in fact have a solution y 
linearly independent of x™, x”, x®, Our y could be complex, but in 
this case its real and imaginary parts have to satisfy (154) individually, 
since the coefficients of the equation are real. At least one of these 
parts must obviously be a vector linearly independent of the x“ 
(k = 1, 2, 3). Hence we can suppose that our y is real. As shown 
above, it must be orthogonal to all the x with k > 3, since the 2k 
corresponding to these are different from 4,. The result is that y is 
linearly independent of the total set of x“, i.e. we have (n + 1) 
linearly independent vectors, which is impossible. Every m-tuple 
root of (144) thus implies precisely m linearly independent solutions 
of (154). 

Substitution of an m-tuple root 4 = 4, for 4, in the coefficients of 
system (143) gives us a homogeneous system with m linearly inde- 
pendent solutions, i.e. the rank of the system must be (n — m). 
In other words, the system reduces to (n — m) equations. We take 
any solution of the system and multiply it by a factor such that the 
sum of the squares of the numbers appearing in the solution is unity. 
This gives us one vector corresponding to the root 4 = 2 To find 
the next vector, we add to the (x — m) equations of our system a 
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further equation expressing the orthogonality of the required vector 
to that already obtained. We thus have a homogeneous system of 
(n — m + 1) equations for the components of the new vector. On tak- 
ing any solution of this system and normalizing again (reducing the 
vector length to unity), we are faced with the task of finding a third 
vector corresponding to the root 2 = 2, We do this by adding to 
the original (n — m) equations a further two equations, expressing 
the orthogonality of the new required vector to the two already 
found, and so on until we arrive at the total set of m mutually orthogo- 
nal unit vectors corresponding to the m-tuple root 24 = d,. A direct 
consequence of this method of construction is a certain arbitrariness 
in constructing the basic solutions of equations (142). If all the roots 
of the equation are simple, this arbitrariness merely amounts to the 
possibility of multiplying all the components of x by (—1). Now 
let (144) have an m-tuple root. In this case the corresponding m ortho- 
gonal unit vectors making up the solution of (142) form an m-dimen- 
sional subspace Em. We can obviously make an arbitrary choice of 
mutually orthogonal fundamental vectors in this subspace, and they 
will likewise be solutions of (142) with 2 = A), ie. we can pass from 
one set of orthogonal normalized solutions to another by carrying 
out an orthogonal transformation of Rm. All these remarks equally 
apply to any other multiple root of (144). 

What has been said may be explained by returning to the problem 
treated at the start of the previous section, of reducing the equation 
of a second order surface to axes of symmetry. Suppose for definiteness 
that the surface is an ellipsoid. The case of different roots of (144) 
corresponds to the fact that all the semi-axes of the ellipsoid are 
different. In this case the natural arbitrariness in the choice of final 
coordinate axes amounts to a change in the direction of these axes. 
If (144), which is here an equation of the third degree, has two equal 
roots, the ellipsoid becomes an ellipsoid of revolution, and two axes 
of symmetry can lie where we please in the plane passing through 
the centre and perpendicular to the axis of revolution, provided 
only that they are perpendicular to each other, i.e. in the present 
case the arbitrariness in the choice of final axes consists further in 
an arbitrary orthogonal transformation in the above-mentioned 
plane. Finally, if all three roots of (144) are equal, our ellipsoid is a 
sphere, and our equation does not contain coordinate product terms. 
Here our choice of Cartesian axes in space is in general completely 
arbitrary. 
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34, Examples. We shall consider two numerical examples. 
1. To reduce the surface given by 
Ti+ Sag + £3 + Qe, Te + Gr, Za + 2a, 7, = 5 


to axes of symmetry. 
The corresponding quadratic form will be 


P = at -H Ty Ta + 82, Ta -H 
+ 2,2, + r + 722, + 
T 3ry2, + Tg T + Ti. 
The characteristic equation of its matrix is 
1—2, 1, 3 
l 5-4 1 
3, 1, 1-4 


whence, on expanding by the first row: 
a—4a (6-4 a —4 l] -—(1-—A4—3) + 8[1—3(6 —”4)}=0 


=0, 








or 
43 — 7/2 +-36=0. 
It is easily verified that the roots of this equation are 
A,=—2; A=3; 4,=6, 
and the equation of our surface, referred to axes of symmetry, is 
— 2xi2 + 3r + 6r = 5. 
We shall now find the elements of the orthogonal matrix: 


bu dies bia 
bay bee, beg 


bar» baz» bas 





B= 











1 
t 
‘ 


We have the system for these, 


(l — 2) bik + bog + 3by = 0 | 
big + (5 — A) bey + Bay = 0 
biz + dey + (1 — 2) bg = 0. J 


We first substitute 4 = 4, = —2, which leads us to two equations: 


$8: + bn + 8b = 0 
bi Tq, + gi Ve 
The solution of this system has the form 
bi =— k; ba =0; by =k, 


(155) 


È 


where k, is an arbitrary number. We choose it so that the sum of the squares 
of the numbers making up the solution is equal to unity. We finally have 


on 1 
v2” y2’ 
where the solution can be taken with the opposite sign. 


by, = ba = 0; by = — 
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We now substitute 4 = 4, = 3 in the coefficients of system (155). We get 
& system in which the third equation is the difference between the first two, so 
that it reduces to two equations: 


— WDyz + dee + Bbq, = 0 
Dis + 2b Oye = 0. 
The solution of this system, normalized to unity, is easily found: 
1 l 1 


=; 3 = — —=— } bee = -——. 
13 B * 

We finally substitute the third root in the coefficients of (155). Again we 
get a system in which one equation is a consequence of the other two. On 
solving the two remaining equations and normalizing to unity, we have: 


l 2 1 
; beg = —— 3 b =. 
o o” = Y 


The transformations of the variables are given in the present case by 


b =-= 


bis = 


1 ] 
co = —— + —=-— T. 
1 V2 1 y2 3 
I 1 
z! = — 7, — ar 
ee ae 7 3° 
1 
T; = eS Fate ties 


2. To reduce to axes of symmetry the surface 
2x3 + 6a? + 223 + 82,2,—=1. 
Here the quadratic form is written as 
P = ri + Ox, & + 42, 73+ 
+ Oraz, + 6r? + 07,2, + 
+ 4r; z1 + 07,2, + 22$, 


The characteristic equation of its matrix is 
2—2, 0, 4 


0, 6-4 0 
4, 0, 2—2 


=0. 








Expansion of the determinant gives us the equation: 
43 — 104? + 1244-72 =0. 
The roots are 
A=—2; 4,=4, =6, 


i.e. the equation has a double root. 
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Next we find the coefficients of the orthogonal transformation, for which 
we have the system 
(2—A)by, + 4by, =0 
(6 — 2) dy, =0 (155,) 
4b, +(2—A4)b,=—0. 
On substitutitng 4 = —2, we easily arrive at the normalized solution 
1 1 
=z; by =0; ba = — -= . 
Y2 21 31 Y2 


We now substitute the double root ÀA = 6 in the coefficients of system 
(155,), for which we must get two linearly independent and mutually orthogonal 
solutions. The substitution leads us to the single equation 


— bz + bg = 0. 
We take the normalized solution of this equation: 
1 


1 

As regards the second solution, we notice that it has to satisfy both system 
(155,) and the condition for orthogonality with the solution already obtained. 
This gives us two equations for it: 


bu — 


bie 





bit  b,=0 : 
ee a Instituto de Wu i 
-z big H- ba = 0 
Y2 +7 33 E ARE 
or { a a 
biz = bz = 0, | 





whence the normalized solution becomes 
bis =0; ba =l; by =0. 
Finally, the orthogonal transformation will be 


La 1 1 
Ti =- a 
y2 > y° 
zi 1 
T, = —— T — r 
V3 2 195 3 
ms Ze 


and the surface has the equation, referred to axes of symmetry: 
— 2zi? + 6 (z2 + q3?) = 1- 
35. Classification of quadratic forms. The problem of reducing a 


quadratic form to a sum of squares can be posed in a more general 
form to that given above, where we have required orthogonality of 
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the linear transformation from the new variables to the old. We can 
take the following more general problem: to reduce the real quadratic 
form (134) to the form 


P = My XT + HXi + -+ oy XH, (156) 


where the X, are n linearly independent real linear forms in the 
variables z,. The coefficients ux in this statement of the problem 
are not definite numbers such as we had above, though we can say 
something about them, viz., the number of non-zero ug must always 
be equal to the rank of the matrix composed of the coefficients a;;, 
of the quadratic form. In other words, in any reduction of a quadratic 
form to a sum of squares of linearly independent linear forms, the 
number of the squares is equal to the rank of the matrix just mentioned. 
In addition to this, a further property holds, which is usually known 
as the law of inertia of quadratic forms: in any transformation of a. 
real quadratic form to the form (156), where the linear forms Xx, 
are also real, the number of positive coefficients up (and the number 
of negative coefficients ug) is always the same. We shall prove these 
assertions at the end of the present section. 


This general problem of reducing a quadratic form to form (156) is always 
very easily solved on separating out perfect squares. We shall do this in the 
particular example: 


p = T+ 4zi + 23 + 22T, — 62,7, + BTT. 


We obtain a perfect square from (z? + 2x,2, — 6,24) by adding (x? ++ 922 — 6x,2,), 
when we can write g in the form 


P = (Z, + Tz — 3T)? + 32} — 82} + ldzez,. 


Wo separate out a further perfect square in the same way, and can finally 
write our quadratic form in form (156): 


7 2 73 
P= (@ + ta — 32, — 2 (22; — -p 2) +- E 


The linear forms appearing in the brackets are clearly linearly independent. 
The working is somewhat different if squares of the variables are absent 
in the expression for y. Suppose we have 
P = arr, + Px, + Qr: + R, 


where @ is a numerical coefficient differing from zero, P and Q are linear forms 
of variables, not including z, and z, and R is a quadratic form which likewise 
does not include z, and z,. We can write 


p=a (n +2) (a +) +r- 
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If we set 
z= [ate 3 X,=4(a-2-==4) 
and 
-pE 
Perea 
we get 


p = aX} — aX} + Pv 


where 9, is a quadratic form which does not include z, and z,. By separating 
out these two squares, we have got rid of two variables. 


The reduction of a quadratic form to form (156) makes it possible 
to classify the form as follows: 

I. Let all the coefficients ux in (156) be positive. In this case the 
form is said to be positive definite. It may easily be seen to have 
positive values for all real 2, and to vanish only when all the 2, vanish. 
For, since all the ux are positive, the necessary and sufficient con- 
dition for the vanishing of the right-hand side of (156) is that all 
the linear forms z, vanish. We thus get a system of n homogeneous 
equations for the x, with a non-zero determinant (the forms are 
linearly independent), so that only the zero solution exists. 

TI. If all the px, are negative, the quadratic form is said to be 
negative definite. As above, it can be seen to have only negative 
values for all real x, and to vanish only when all the x, vanish. 

III. We now take the case when some of the u, vanish, though 
all the remainder have the same sign, say positive. Our form ¢ now 
becomes 


P = MALT --- + UmXin (m <n), (156) 


where all the u, are positive. Here again the form cannot be negative 
whatever the values of the xp, though it can vanish for non-zero 2,. 
For if we want to find the zeros of the form, we have to write a 
system of m homogeneous equations in zx: 


X,=X,=...=Xn=0, 


and since m < n, this system certainly has non-zero solutions. 
Similarly, if all the u+ are negative in (156,), the quadratic form cannot 
take positive values, though it can vanish for non-zero gx. Here the 
form is said to be positive or negative semi-definite. 

IV. Finally, if we get both positive and negative coefficients gp 
in (156), the form may easily be shown to take both positive and 
negative values for real xp. It is described as alternating in this case. 
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The above classification of real quadratic forms has an immediate 
application to the problem of the maxima and minima of functions 
of several variables. Let us take the function of n independent 
variables 2, ..., Zn: 


P (2i ---+Fn)s 


and let the necessary conditions for maxima and minima be satisfied 
for 7, = ... = Tn = Q, i.e. all the partial derivatives of y with respect 
to the independent variables vanish at the origin. We have on 
expanding our function in a Maclaurin series: 


P (Ly, 25%) — P (0, ...,0) = p(t, ---,2,) + 0, 


where we have written 9(2,, -.-,%) for the quadratic form in the 
variables z,, and w for the set of terms of higher order than the second 
in the z,. If the quadratic form ¢ is positive definite, we have a 
minimum of the function at 7, =... = £n = 0. If it is negative 
definite, we have a maximum. If it is alternating, we neither have 
a maximum nor a minimum, and finally, if ọ¢ is positive or negative 
semi-definite, we have a doubtful case. This result is the natural com- 
plement of that obtained in [I, 133] for functions of two independent 
variables. 


We turn to the proof of the statements made at the beginning of the present 
section. Let us take the quadratic form 


n 
p= È tAk (Tik = Agi), 
i, k=1 
the rank of the matrix of its coefficients being r. We compose the system of 
n linear forms: 


n 
sae PY ay 2, (8=1,2,...,7). (157) 
We have used the conditions ajk = ag; in forming the expressions for these 
partial derivatives. Obviously r is the rank of system (157) in the sense described 
in [11]. 
Suppose that ¢ is reduced to the sum of the squares of m linearly independent 

forms ¥,: 

Ys = Bot, + Boo, + --- + Bont (158) 
i.e. 

P= my + Mee + --- + mn» (159) 
where the 4, differ from zero. We have to show that m = r. We use (159) to 
obtain the linear forms (157): 


1 a 
ZT Ox, = 1 BisY, + MB ast: + --- + UmBmsYm (8 =1,2,....2). (57) 
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The variables y, can take any values since forms (158) are linearly independent. 
Hence by definition of the linear dependence of forms (157,) the y, can be 
taken as independent variables, and the greetest number of linearly independent 
forms in system (157,) must be equal to the rank of the matrix of coefficients 
Ek By, Where the column subscript k takes all the values k = 1, 2, ..., m, 
and the row subscript 7 all the values 7 = 1, 2, ..., n. The elements of each 
column of the matrix have the common factor gp which is non-zero, and hence 
the rank of the matrix of yu, f,; is the same as the rank of the matrix of £,,;. Since 
(158) is a system of m linearly independent forms, this rank is m, i.e. the greatest 
number of linearly independent forms in system (157,) or (157) is m. On the other 
hand, this number is 7 by hypothesis, whence it follows that m = r. 

We now show that the number of positive (and negative) coefficients yu, 
is always the same, whatever the method of writing pọ as an expression of the 
type (159), where the y, are real linearly independent forms. We shall assume 
the opposite and prove a contradiction. Thus let y be expressed by two formulae 
of type (159) in which the number of positive coefficients is not the same: 
p=Ay? +... +Apyp —Apaypti — --- —Anym (160) 
p= Riy? +... + Apy’S — Pgri aea — --. —Amyin- 


The A; and 4, in these expressions are assumed positive. The forms y}, ..., Ym 
are linearly independent, and the same can be said of y}, ...,Y¥m- Since p Æ v, 
we can always take say p < q. We show that this leads to an absurdity. We asso- 
ciate the forms y,,:1,..., Yn With Yı, ..-., Ym SO as to obtain a complete system 
of linearly independent forms [11]. We write down the system of linear homo- 
geneous equations for Ti, Ze, ..., 2p! 


¥y = 03.2.3 Yp=0; Yyp+1 =0;...; Ym=0; Ym =—03...5 yg O. (161) 
The number of these homogeneous equations is 
p+ (m—g) + (n—m)=n— (q—pP), 


and, since g — p > 0, this number is less than n. Consequently the system 
written has real non-zero solutions. We take any one of the solutions: s, = 
= x (e = 1, 2, ..., n). With these values of z, we have by (161): 


PST fpa: =... —Anyin = 21y + --- ++ Agy’G- 
It is clear from this that p must vanish for z, = ©, and these z, must therefore 
satisfy, in addition to equations (161): 
Yp: =Q; -> 5 Ym = O.~ 


We seo finally that the complete system of linearly independent forms, Yı, 
. ++) Yn, Must vanish for z, = 2. But this is impossible, inasmuch as the linear 
independence of the forms y, implies the non-vanishing of the determinant 
of the system 

Yı=0; Y2=0; ---5 y, =O, 


which is homogeneous in £, Zz, .-., Zn- We have proved the law of inertia by 
arriving at this contradiction. 
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36. Jacobi’s formula. Jacobi’s formula, which offers a convenient form of 
the reduction of a quadratic form to a sum of squares, will be stated without 
proof. 

We first introduce the following notation: 


n 
A; (2) = È tee (@=1,2,...,2), 





Qir Ae, » Qik 
d= l; 4,44; =i Gris Gres » Qk i 
Bp ed eck a a eee 
aku Akv akg | 
(k =2,3, ...,7) 
[ar -<-> Oper, Ay (z) | 
X, = Ay (a); Xp= |20 >i > Ozka As (| 
Ok» eee y Akk-1' A, (x) | 
If the rank of the matrix of a,,is7, and the determinants 4,, 4,, ..., 4, do not 
vanish, Jacobi’s formula becomes: 
5 pa. 
= Qili = 3 162 
p plai iktiTk dA (162) 


where the linear forms X, (k = 1,2,...,7) are linearly independent. The 
formula makes it possible to see from the signs of the 4, to what class p belongs 
as regards the law of inertia. 

In particular, if all the determinants 4), 4z, ..., 4, are positive (with this, 
r = n), it follows from (162) that p is positive definite. The converse can be 
shown: if g is a positive definite form, all the determinants must be positive. 
The variables x, can be enumerated in any order, of course, when applying 
(162). The 4, naturally also change on changing the enumeration, and each 
of the principal minors of the matrix | a, ie can be a determinant of the sequence 
4, for a given enumeration of the z,- It follows from what has been said above 
that all the principal minors are positive in the case of a positive definite 
form 9, but it is sufficient here to verify the positiveness of the determinants 


A, (#@=1,2,..., n). 


It can be shown that the necessary and sufficient condition for p to be positive 
(of constant sign) is for all the principal minors to be non-negative, i.e. they 
can be greater than or equal to zero. It is not sufficient in this case to find the 
signs of the determinants 4, only, and the signs of all the principal minors have 
to be determined. 
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A proof of the statements of this section may be found in Ostsilyatsionnie 
matrisi + malie kolebaniya mechanicheskich system (“Oscillation matrices 
and the small vibrations of mechanical systems”) by F. R. Gantmaker and 
M. G. Krein (1941). 


37. The simultaneous reduction of two quadratic forms to sums of 
squares, Suppose we have the two quadratic forms 


n n 
v ee os =) 
Fy = Y Dinh Uy; P= Y Dink ity. 
i, k=1 i, k=1 


> 


where g, is positive definite, i.e. reduces to the sum of x positive 
squares. We require to find a linear transformation (not necessarily 
orthogonal) such that both forms are reduced to sums of squares. 

We first of all introduce new variables y, such that gy, reduces 
to a sum of squares. This can be done say by the elementary method 
indicated in the previous section. Our forms will become in the 
new variables: 


n n 
A=> Yki P= > biy Hr- 
k=1 i, k=1 


All the yu, are positive by hypothesis, and we can bring in new 
real variables Zk = Vär Yr. Now we have: 


n n 
. = ‘al n 
A=> 2h Fo X bik 
k=] i, k=l 


We carry out an orthogonal transformation of the z, to new variables 
Zk, such that p, reduces to a sum of squares. 


Since the transformation is orthogonal here, p, remains a sum 
of squares, and we have finally reduced both forms to sums of squares: 


n n 
= Vez: = ot? 
PSD B= DAE - 
k=1 k=1 


The 4, are sometimes called the characteristic roots of form p, with 
respect to form p- 

We now establish the equation that has to be satisfied by these 4,, 
and which is completely analogous to equation (144) of [32]. For 
this, we introduce the discriminant of a quadratic form, defined as 
follows: the discriminant of a quadratic form is the determinant made 
up of its coefficients. 
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Suppose we transform ¢, the matrix of the coefficients of which 
is A, to new variables with the aid of the transformation 


(a4, +, Ep) = B(zi,..., 2). 
As we know from [32], the matrix of the new form is 
C= B® AB, 
and its determinant is given by 
D(C) = D (B®) D(A) D(B). 


The determinants D(B®) and D(B) are clearly equal since the 
corresponding matrices are obtained from each other by interchanging 
rows with columns. We thus have 


D(C) = D (4) D(By, 


i.e. on linearly transforming the variables in a quadratic form its 
discriminant is multiplied by the square of the determinant of the 
linear transformation. 

We now return to our quadratic forms 9,, p, and consider the form 


n 
w = p, — Ag, = X (bik — Mig) tär 
i, k=1 


, 


the coefficients of which contain the parameter À. 
After transformation to the new variables, this form becomes 


o= Sh —Azz, 


k=l 


and its discriminant in the new variables is evidently given by the 
product 


(A, — 4) (A, — 2) - - . (An — A), (163) 


whilst the discriminant in the old variables is equal to the determinant 
with elements (bik — 4 Qir). As we have shown, these two discriminants 
differ only by a factor, viz., the square of the determinant of the 
transformation, which neither vanishes nor contains 2. It follows at 
once from this that both discriminants have the same roots with 
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respect to the parameter 4. On taking into account (162,), we see 
that the numbers å, are the roots of the equation 


| bu — Aliis bro — Ady, -~b a 


| ba — Ady, b 23 — — Àla, oa -b —_ Bon, | =Q. (163,) 


38. Small vibrations. We saw above [II, 19] that the motion of a mechanical 
system with n degrees of freedom, the corstraints of which do not contain 
time and which finds itself under the action of conservative forces, is given by the 
system of differential equations: 


d (or er au 
eee Pee | SS ee k=1,2,..., 7). 164 
dat EA Gq, gk ( # Wo 


where T is the kinetic energy of the system and U the given force function of 
the gk, which we take to be independent of ¢. As was mentioned previously, 
T is a quadratic form of the derivatives q, of gy with respect to time: 


a 


T= X ang qk (Ipi = Gig)» (165) 
i k~i 


the coefficients being given functions of the gg. Suppose we have 


mn =0 for gq=...=q,=0 (k = 1,2, ...,7). (166) 

i. e. the partial derivatives of U vanish for qg = 0. 
With this, system (164) has the obvious solution q, = ... = n = 0, cor- 
responding to a position of equilibrium. The function U is defined except for 
a constant, and we can always suppose that it vanishes for g, = ... = qn = 0. 


We can therefore say, in view of (166), that the expansion of U in powers of 
qk Starts with a second order term. Let the quadratic form obtained from these 
second order terms be negative definite, whence it follows that U has a 


maximum for q, = ... = gn = 0, or what amounts to the samo thing, the 
potential energy (—U) has a minimum. We proved in [II, 19] that the equi- 
librium position g, = ... = ga = 0 is stable in this case, and for small initial 


excitations the system performs small vibrations about the equilibrium position, 
so that the g, remain small throughout the motion. We can, therefore, assume 
when investigating these small vibratious, that U reduces simply to second 
order terms, i.e. has the form 


_ = 5 bik Gi Qr: (big = big) - (167) 
i, k-1 
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Similarly, in the coefficients a, of (165), we can take g, = 0 approximately, 
so that the az, are specific numbers. On applying all this to system (164), we get 
a system of n linear equations with constant coefficients: 


an t rga +--+ Ain Qa bugi + Ope Ge +t Din gn =O 


ay gi + ag Qa +--+ Ganga + ba gi + bago +--+ ban In = 9 


amdi + are Yo + ann Gn + Om I + bnz Je +--+ + Can In = 9- 


If we seek a solution of this system in the form of harmonic vibrations of 
the same frequency and initial phase but with different amplitudes: 


qk = Ap cos (At + p) (k=1,2,... n), (169) 
substitution in (168) gives us a system of equations for the A, and å: 
(bi — 4? au) Ai + (bie — Z Gye) Ay +--+ (bin — Z ain) An = 0 


(bar — AP G1) Ay T (Beg — 47 ge) Aa +. eH (bon — A? Gon) An = 0 (170) 


(bn — 42 am) Ay + (Ons — 22 ape) Aa F- - -+ (ban — 22 ann) An = 0. 


The existence of & non-zero solution for the A; requires the vanishing of the 
determinant of this system: 
| bu — A? Qy bis — A? rss ~- -3 Din — A yp | 
| bey — A? gy, ban — A? Age, ~- -, bon — Az Gon | 
! iT 


0. (171) 


bm = Pam, bre — Ż? aye, eves ban — ż? ann i 


On taking a root of this equation and substituting in the coefficients of system 
(170), we get one or more solutions for the A;, which we can then multiply by 
arbitrary constants. Moreover, (169) contains the arbitrary constant ¢. 

We get a clearer solution of the problem by applying the theory of quadratic 
forms. We first notice that quadratic form (165) in the variables g, is positive 
definite by its nature, inasmuch as it gives the kinetic energy of the motion. 
The problem furthermore implies that form (167) is positive definite. As 
we have seen, we can bring in new variables py by means of a linear transforma- 
tion with constant coefficients of the old variables gy such that both the forms 
T and (—U) becomes sums of squares, where the coefficients of the squares 
in the case of T must be unity. We notice here that a linear relationship for 
the pp and g; leads to the same relationship between p; and g}. We thus have 


n n 
T= Sp; —U= S Rp, (172) 
s=] s=1 
where all the coefficients of the pe are positive, so that we can write them as 
squares. Along with (168), we can write the Lagrange equation (164) for the 

new variables: f 
ai 
dt Lép,] Op, 
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On substituting from (172), we get the extremely simple system: 
pe + Ak pr = 0 (A = 1,2, ..., 2). 
The solutions of this system are 
Pk = Cy cos (A, t + py) (k =1,2, ..., n), (178) 


where Cy and y, are arbitrary constants. The generalized coordinates pg are 
called the principal coordinates of the mechanical system. 

The original coordinates gq, are given in terms of these by a linear transforma- 
tion with constant coefficients. It follows at once from the results of the previous 
section that the å must be the roots of equation (170). We remark that some 
of the roots may be equal, though even in this case (169) still gives the general 
solution of the problem of small vibrations within the context considered. 


39. Extremal properties of the eigenvalues of quadratic forms. We consider 
the reduction of a quadratic form to a sum of squares from a new point of view. 
We confine ourselves to the case of three variables for the sake of simplicity: 


- 3 3 ; 
= > Aik Ti Ly = PA Ay, TÊ, (174} 
k=l k= 


where the z, and z, are related by an orthogonal transformation: 
T, = by T1 + bia 83 + bia T3 
T, = by Ty + baz Z3 + bzs T3 (175) 
T3 = by T1 + bag Ta + bas T3- 
We shall suppose for definiteness that the A, are decreasing, i.e. 
>h > (176) 


Our problem consists in determining the numbers 4, and coefficients 6;, 
for values of the form ọ on the unit sphere K, i.e. on the sphere with centre at 
the coordinate origin and unit radius: 


zirt n=l or s 4a +r =l. (177) 


Each point of the sphere characterizes a certain direction in space, defined 
by the unit vector drawn from the origin to the point. We can write (174) 
as 


p = A, (ay? + wf + rF) + (A, — Ay) YP + (Ay — 74) as, 
whence it is clear that we have on the unit sphere K: 
p=} + (Ap — A) 22 + (2g — A) a 


It follows at once from this that 4, is the maximum of ¢ on K. 
The maximum is obviously obtained at the point 


zi =l; 2,=—2,=0, 
or, by (175), at the point of K with the old coordinates 


Tı =bn; Te=bn; T= by. 


136 LINEAR TRANSFORMATIONS AND QUADRATIC FORMS [39 


This point defines the vector corresponding to the first column of orthogonal 
transformation (175), ie. the vector is the solution of the equation 


Ax=ix (178) 


with A= 4,. Thus the eigenvalue of first magnitude of quadratic form (174) 
is equal to the maximum of the form on the unit sphere, whilst the correspond- 
ing eigenvector x”? is the solution of (178) which runs from the origin to the 
point of the unit sphere where the maximum occurs, 

We now turn to finding the second eigenvalue and corresponding eigenvector. 
Let z; = 0 in the formulae. In this case we have the equation of a plane passing 
through the origin and perpendicular to the vector x‘. The intersection of 
this plane with the unit sphere is the circle 


reo? = 1. 
We have on the circle: 
g = Ag ze + 43 a2, 


whence it is immediately clear that A, is the maximum of ¢ on the unit sphere 
on condition that the corresponding vector is perpendicular to the x™ already 
found. We can show in the same manner as above that the corresponding vector 
x, i.e. the solution of (178) for 4 = 4,, is the vector drawn to the point at 
which the maximum occurs. 

Having obtained the two vectors, the third, x), follows from the fact that it 
is perpendicular to both, whilst the eigenvalue 4, is the value of the form » 
at the point of the unit sphere where it intersects x), 

If we had say A, = 2, our search for the first maximum of on the unit 
sphere would lead us to an entire circle where the maximum is obtamed, instead 
of a point. 

The above discussion is easily carried over to the case of any number of 
dimensions. We shall merely state the result, which is completely analogous 
to the above. Suppose we have the real quadratic form in n variables: 


n 
P= X OkTiTh- (179) 
i k=1 


A unit vector in real n-dimensional space is given by a set of real numbers, 
the sum of the squares of which is equal to unity. We shall say that the ends 
of these vectors lio on the unit sphere, the equation of which is obviously 


af e r E EE (180) 


The highest characteristic root of the form ¢ will be the maximum of ọ 
on the unit sphere (180), and the corresponding eigenvector is x, drawn 
from the origin to the point where the maximum occurs. To get the next lower 
characteristic root, we consider the unit vectors perpendicular to the x‘) 
already found. There will be an x®) among these, yielding the greatest value 
of p. This second maximum 4, is equal to the second eigenvalue of the form, 
whilst x) is the corresponding eigenvector. We now consider the unit vectors 


i 
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perpendicular to x) and x®, which is equivalent to associating with condition 
(180) the two further conditions: 
(x, x)=0 and (x, x)=0. 


One vector among these again yields a greatest value of 9, this being the 
eigenvalue 2, that comes third in magnitude, the vector in question being 
the corresponding eigenvector, and so on. 

We could have arranged the eigenvalues of the quadratic form in increas- 
ing, instead of decreasing, order, so that the first would be the least, the next 
the second higher, and so on. This would lead to a precisely analogous problem 
to the above, except that a reference to least value would have to be substituted 
for every reference to greatest value. 

All the above arguments may likewise be generalized to the case of simul- 
taneous reduction of two quadratic forms to the sums of squares. Let the two 


quadratic forms 


n n 
P= Y Gy tity P= Y bikti Ly 
i, kal i k=l 


reduce to the sums of squares: 
n, n A 
p= D> ze; p= Y ark 
k=1 k=1 


with the aid of the linear transformation 
(Zo ---)Zq) = B (zi, ---, Zn), 


the 4, above being assumed to occur in decreasing order. 
With this, A, is the greatest value of y on condition that 
g=1, 
this greatest value being in fact obtained for 


2 = bu; Ta =bg; -3 p= bm 


The succeeding eigenvalues may be similarly determined. 


40. Hermitian matrices and Hermitian forms. We have considered 
real symmetric matrices in the above sections and have noted that 
they represent a particular case of Hermitian matrices in which the 
elements are complex numbers satisfying 


Ori = Gip- (181) 


Setting ú = k, this relationship shows that the diagonal elements 
dg, must be real. 

An alternative definition of Hermitian matrix is as follows: an 
Hermitian matrix is unchanged if its rows and columns are inter- 
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changed and all its elements are replaced by their conjugates, i.e. in 
the notation of [26]: 


A%=dor =A. (182) 


As already mentioned, A is called the Hermitian conjugate of A. 
Hermitian matrices are therefore alternatively described as self- 
conjugate. 

We proved above [32] that, for any vectors x and y, an Hermitian 
matrix A satisfies 


(Ax, y) = (x, Ay). (183) 


This relationship can serve like the two previous ones as a definition 
of Hermitian matrix. 

The following further property should be noticed. 

Let A be an Hermitian matrix and U any unitary matrix. Then 
we can easily show that U-! AU is likewise Hermitian. We have 
A* — A by hypothesis. We want to show that U-! AU has the 
same property. From [26]: 


(U AU) = 0M 4M TO 
and this gives us, in view of the hypothesis for A and the unitary 
nature of U which implies U® = U-1: 
(U AU) = U~ AU 


which is what we required to prove. 
We can say that, for any unitary transformation of coordinates 
which is embodied for vector components in the expression 


(Zo ---,%,) = U (tiree Ta) 
an Hermitian A as operator of a linear transformation of space 
appears in the new coordinates as U-1 AU, so that the above pro- 
position can also be stated as: unitary transformations of space do 
not change the Hermitian nature of a matrix as operator. 


We now consider the problem of reducing an Hermitian matrix to 
the diagonal form with the aid of a unitary transformation: 


U AU = [Ayes sy Ap]: (184) 
The problem is equivalent, as above in the case of real symmetric 
matrices, to the solution of an equation of the form 


Ax = dx, (185) 
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where / is one of the A, and the components of the vector x give the 
elements of the corresponding column of U. 
The numbers 7, and corresponding vectors x) are known as the 
eigenvalues and eigenvectors of matrix A. i 
As we know, the eigenvalues must be the roots of the equation 


| di — Å, Qas - - -s Qin | 
1 4 
(av Man — Ay - - -» Gan -=0. (186) 
Pree SrenacKe 
| 
| Ani Anz» <- csan — Ài 


Let å = 4 be a root of this equation, and x™ be a solution of 
equation (185) with 2 = A,. 

Since (185) is linear and homogeneous, a solution can be multiplied 
by an arbitrary constant, and we can therefore take the length of x“ 
as unity. We take this vector as the first of the fundamental set in 
the new coordinates, then suitably complete the fundamental set 
with a further (n — 1) orthogonal unit vectors. Let U, be the unitary 
transformation corresponding to passage to the new fundamental set. 
Our Hermitian A becomes the new Hermitian matrix 4, = U,-1 AU, 
in the new coordinates, whilst the corresponding equation 


will have the vector with components (1,0, ...,0) as a solution 


with 4 = 4,. This fact shows us, as in [33], that all the elements of 
the first row and column of A, must vanish except the element , 
at their intersection. 

It follows at once from the fact that A, is Hermitian that 2, must 
be real, and hence that every root of (186) must be real, as we saw 
above. The matrix A, can now be written as 


[A050 | 
|0 a, af) i 
ji i 
1,0, af, .... a8 l 


i.e. it is a quasi-diagonal matrix of the form 
[A Gy], 


where C, denotes the Hermitian matrix of order (n — 1) with elements 


a, We can now repeat the above argument and reduce C) with 


the aid of a unitary transformation U, on all but the first of the 
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fundamental set to a form such that all the elements of the first 
row and column vanish except for the element at their intersection. 

We can consider this latter unitary transformation as acting on 
the entire n-dimensional space and as given by the quasidiagonal 
unitary matrix 


[1, U3]. 
As a result of this transformation our Hermitian matrix becomes 
[1, 0} [2i C] (1, G2] = [A U77 C, U2), 
and the new Hermitian matrix will have the expanded form 
Lap Oy 0; 2270 


0, A, 0,...,0 
0, 0,aQ, ...,a@ 


Oe o’ 


10, 0,a%,...,a® 





By continuing in this way, we successively reduce our Hermitian 
matrix to the diagonal form, the total unitary transformation U 
appearing in (184) being the product of all the successive unitary 
transformations. 

We return to equation (185). We proved in [33] that its solutions 
corresponding to the different values of 4 must be mutually orthogonal. 

We can show exactly as in [33] that the vectors formed by the 
columns of matrix U, together with the corresponding values of 4, 
yield all the solutions of (185). We only need to bear in mind here 
the following important fact regarding multiple roots of (186). If A = 4, 
is say an m-tuple root of (186), (185) will have m linearly independent 
solutions x) aleve} x™ for A= 2,- Every linear combination of these 
with arbitrary coefficients will obviously also be a solution of (185), 
i.e. the equation 


Ax=4,x 
has a set of solutions representing the subspace formed by the 
vectors x™, ...,x™ or in other words, defined by the sum 


z= 0 x® +.. -+ 6, x™ 


with arbitrary coefficients C,, -.-, Cm. We can select in any manner 
a system of m mutually orthogonal unit vectors in this subspace, 
such that their components give the columns of the matrix U that 
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corresponds to the eigenvalue 2 = A,. This means that we have here 
the same arbitrariness in the choice of U as we had in [33] for B. 
Moreover, we can obviously multiply the components of every x, 
obtained by solving (185), by a numerical factor of unit modulus, 
ie. by a factor of the form e°? (the phase factor). The vector still 
retains its unit length after the multiplication, as well as its ortho- 
gonality to all the other vectors appearing in the complete system 
of solutions of (185). Finally, we can arbitrarily change the order 
of the columns in U. This is a trivial transformation that clearly 
amounts to re-numbering the fundamental set in the new coordinate 
system and merely involves a rearrangement of the A, in the diagonal 
matrix. We shall always assume in future that the å, are in increasing 
order. 

We now turn to Hermitian forms. We shall say that the Hermitian 
form 


a 


A (x) = (Ax, x)= D Qip Zitko (187) 
i, k=1 
where 2, ---, Tn are the components of a vector x, corresponds to 


the Hermitian matrix A. We have previously looked on matrix A 
as a linear transformation of space which yields a new vector x’ on 
being applied to a given vector x, and we have written the result of 
this transformation as Ax. In the expression A(x), the final result 
is no longer a vector, but a number. We saw above that this number 
is real. 

Now suppose we have carried out a unitary transformation of the 
space, the old vector components being given in terms of the new 
by x = Ux’. The Hermitian form (187) becomes in the new coordinates: 


(AUx’, Ux’). 


Property (125,) of unitary transformations enables us to multiply 
both vectors in this scalar product on the left by the unitary matrix 
U-}, so that we can now write for Hermitian form (187): 


(U~ AUx’, x’). (188) 

In particular, if the unitary U transforms A to the diagonal form, 
i.e. (184) is valid, only the terms containing the products z} + 2} will 
remain in our Hermitian form in the new variables, and our form 


will have been reduced to a sum of squares: 


(x'- U~! AUx) =A, Zi zi +4, Zat, + ... +4, Ëh Eh- 
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Thus the task of transforming a matrix A to the diagonal form is 
equivalent here, as in [32], to the task of reducing the corresponding 
Hermitian form to a sum of squares. 

Instead of Hermitian forms, bilinear forms are sometimes considered, 
these being defined by 

n 
(Ay, x) = © kiy 
i, k=l 

If we again apply a unitary transformation to the space so that 
the new components are given in terms of the old by the previous 
formula, we have in the new coordinates: 


(Ay, x) = (AUy’, Uy’) 
or, by the property of unitary transformations: 
(U1 AUy’,x). 


Finally, if U reduces A to the diagonal form, the bilinear form 
reduces in the corresponding coordinates to the following simple form: 


n 
TY i: 
k=l 

We notice that any diagonal matrix with real elements is Hermitian, 
so that U-1[/,, ...,4,]U, where U is any unitary matrix, is also 
Hermitian. We saw above that, conversely, any Hermitian matrix 
can be written in this form. 

Hermitian forms may be classified in the same way as real quadratic 
forms [35], according to the signs of the characteristic numbers 4,. 
If all the 4, are positive say, the Hermitian form is said to be positive 
definite. It is characterized in this case by being positive for any 
values of a, and by vanishing only when q, = ... = £n = 0. We can 
similarly define semi-definite and alternating Hermitian forms. 
The discussion follows exactly the same lines as for real quadratic 
forms and is based on the expression 


(Ax, x) =A izi t+... + Ên nth- 


Equation (183) holds for Hermitian matrices. Given any matrix A 
and its conjugate A = A“, we have instead of (183): 


(Ax, y) = (x, Ay). (183,) 


If A has elements Dit A has elements {4 hin = Qi, and (183,) may 
be verified by direct substitution as in the case of (183). 
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41. Commutative Hermitian matrices. Let A and B be two Hermitian 
matrices. We consider the conditions under which their product BA 
is likewise Hermitian. We write down the Hermitian conjugate 
of BA: 

(BA) = A) Bs 


or, since A and B are Hermitian: 
(BA)® = AB. 


The necessary and sufficient condition for BA to be Hermitian 
is for AB to coincide with BA, i.e. for the matrices to commute. Suppose 
that the Hermitian matrices A and B are reducible to the diagonal 
form by means of the same unitary transformation U: 


A=U-![4,, .--,4,] U; B = U~ [ms -- -s Hn) U. 
It can easily be seen that they commute in this case: 
AB => BA =s U~ [4 Hise Ann] U. 


We now prove the converse: if two Hermitian matrices commute, 
they can be simultaneously reduced to the diagonal form with the aid 
of the same unitary transformation, i.e. commutation of Hermitian 
matrices is not only a necessary, but also a sufficient condition for 
them to be reducible simultaneously with the aid of a unitary trans- 
formation to the diagonal form. Suppose, then, that AB = BA. 
We notice that similar matrices to these will also commute. For 


(C~ AC) (0 BC) = C~ ABC = C~ BAC, 
and the same expression is found for the product 
(071 BC) (C=! AC). 


Suppose we choose for C a unitary transformation that reduces A 
to the diagonal form, and that we apply the same transformation to B. 
Since the new matrices commute, we can assume in the proof of 
our proposition that A in fact already has the diagonal form, i.e. 
its elements a; satisfy the condition 


Let us denote the elements of B by bi; and write down the condition 


that the matrices commute: 


n n 
D> Ais Ose = > bisag (i, k=1, 2, eiaa NYa 
s=} s=1 


144 LINEAR TRANSFORMATIONS AND QUADRATIC FORMS [41 


for any č and k. This becomes, by (189): 
(aii — Ax) by = 0 (t, &=1,2,.--, n). (190) 


If all the ay are different, these last equations at once imply that 
bir = 0 for i # k, i.e. B is also a diagonal matrix, and the proposition 
is proved. 

We now turn to the general case, when some of the a; are identical 
We may suppose for definiteness that they fall into two groups of 
equal numbers: 


Qi = 00+ mm3 angi, mti ~ +++ 5 ann: 


It follows at once from (190) that in this case the b; can differ 
from zero only when either both subscripts ¢ and k are greater than 
m, or when both are not greater than m. This means that B must here 
be quasi-diagonal: 

B=[B,B,], 


where B, and B, are Hermitian matrices of orders m and (n — m) 
respectively. We can write B out in full as 


bu, ’ bmm: 0, , 0 |! 
bmi -- -> bmm 0, -0 | 
Oj aads Deanna ih 

O ean) “Braue o etb | 





We can subject the subspace formed by the first m fundamental 
vectors to a unitary transformation without changing the diagonal 
form A, and the same is true for the subspace formed by the succeed- 
ing (n — m) vectors. We choose these unitary transformations V, 
and V, so that B, and B, become diagonal. Altogether we have a 
unitary transformation of the n-dimensional space with the quasi- 
diagonal form 

[Vi Vo]. 


The matrix A remains diagonal in the new coordinates by what 
has been said above, while matrix B takes the form 


[Vo VA (By, Bo] (Vi, V2] = [VT Bi Vi, Ve* By Vol, 


i.e. is also diagonal, so that our proposition is proved. 
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If we now write the equations 
Ax= Ax; Bx= px, (191) 


for our commuting matrices, it follows immediately from the above 
that we can form the same system of n linearly independent solutions 
for both the equations. These solutions in fact give the columns of 
the unitary matrix U that reduces both matrices to the diagonal 
form. In other words, we can form the same complete system of n 
linearly independent eigenvectors for two commuting Hermitian 
matrices. The eigenvalues, i.e. the values of the parameters À and u, 
are of course generally different. We remark that it does not follow 
from the above that every eigenvector of A is likewise an eigenvector 
of B. This would be the case, of course, if all the eigenvalues of A 
and B were distinct, so that a single vector, apart from a numerical 
factor, corresponded to each value 4; and ug. But this is not generally 
true if some of the eigenvalues are equal. Let x“) be the total system 
of eigenvectors of matrices A and B, whilst A, and upare the corre- 
sponding eigenvalues. Suppose, say, that 2, = 2, but {n # 4. The 
vectors O, x + O,x™ are now, for any choice of constants C, and 
C, eigenvectors of A but not of B. 

The whole of the above discussion is easily carried over to the 
case of any number of matrices: given Hermitian matrices A,, ..., Aj, 
the necessary and sufficient condition for them to be reducible 
simultaneously to the diagonal form with the aid of a unitary trans- 
formation is for them to commute in pairs, i.e. A;A, = A,A; for 
any i and k from 1 to l. 


42. The reduction of unitary matrices to the diagonal form. Unitary 
matrices have a similar property to Hermitian matrices as regards 
reduction to the diagonal form: if V is any unitary matrix, a unitary 
matrix U can always be found such that 

UVU 
is diagonal. We can write the problem in the form 
VU = U [ås -.. 4], (192) 


where Ų is a required unitary matrix and the 4, are required numbers. 
As in the earlier case of Hermitian matrices, the vectors x“ 
corresponding to the columns of U must be solutions of the equation 


Vx = 2x, (193) 
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where 4 is any of the /,. It follows at once from this, as above, that 
the 4 must be the roots of the characteristic equation 


z ; ; | 
j Yi A, Cim -> Un 
l 2 
v Va — A, .--, V 
e e a S, (194) 
! 
| Pav Vrz: tees UnA | 


where the elements of V are written vik- 

We notice first of all that if V, and U, are unitary, U-1 V, U, is 
likewise unitary. For since U, is unitary, Uj is unitary, and the 
product of unitary matrices is also unitary. 

After substituting a root 2 = 4, of equation (194) in (193) and 
finding the unit vector x“ satisfying (193), we take this as a new 
fundamental vector and associate with it a further (n — 1) unit 
vectors such that we have a system of n mutually orthogonal unit 
vectors. Passage from the old to the new fundamental set is equivalent 
to a unitary transformation U,, and our unitary matrix V becomes 
the similar matrix 


V, =U VUL. 
The equation 
V, x = įx 
has the vector with components (1, 0, ..., 0) as a solution for 2 = 4, 


whence, as above, it follows immediately that the elements of the 
first column of V, are all zero except the first, which is equal to 4. 
But since, in a unitary matrix, the sum of the squares of the moduli 
of the elements of each column is unity, the number 4, can be said 
to have a modulus of unity. We now recall that, in the unitary matrix 
V,, the sum of the squares of the moduli of the elements of each 
row must likewise be unity. But we have just shown that 1,, the 
first element of the first row, has unit modulus, so that the remaining 
elements of the row must be zero. Thus our unitary transformation 
has reduced our unitary matrix to the form in which all elemente 


except the first of the first row and column are zero: 
| ay Ooa 0 | 
| 


l 

10, o, ..., oR l 
lies Se EA oa ei k 1 
i | 
| 0, og og | 


We had the same situation previously for Hermitian matrices. 
The elements v{}) now form a unitary matrix of order (n — 1). We can 
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apply a further unitary transformation so as to obtain zeros in the 
first row and column of this matrix, except in the case of the first 
element, the modulus of which will be unity. As a final result of our 
two unitary transformations, the unitary matrix becomes 


Aue 0). Op aes OG 


O å» tata 0 | 
i 0, 0, e®, sated 0R li 
f Bias wad A ee a ier r Me ee E | 

5 a l 
Lo, 0,0 0R | 


By continuing in this manner, our unitary matrix is reduced to 
the diagonal form with the aid of a certain unitary transformation. 
We remark that it follows at once from the above discussion that all 
the characteristic roots of a unitary matriz have unit modulus. 

It can be shown as in [41] that if any number of unitary matrices 
commute in pairs, they can all be reduced to the diagonal form with 
the aid of the same unitary transformation. 

We also notice the following point. Let a unitary matrix reduce 
a matrix A to the diagonal form, i.e. U-1 AU is diagonal. We know 
that the modulus of the determinant of U is unity, so that we can 
find a real number such that the determinant of the unitary matrix 
e? U is unity. But e" U also reduces A to the diagonal form, since 


(e2 UJ- A (e2 U) = ee U—1 AU = U~- AU. 


It follows that we can always take the determinant of a unitary 
matrix U reducing a given matrix to the diagonal form to be equal 
to unity. 


Example. We take as an example the reduction to the diagonal form of a 
real third order orthogonal matrix: 


I 
t 
t 
V= || Oe Ves Ves | (195) 
| 


We shall assume that the determinant of this matrix is equal to (+1), so that 
the matrix corresponds to a movement about the origin of the three-dimensional 
space asa whole. The characteristic equation for matrix (195) has a constant term 
equal to unity by hypothesis, since the constant term evidently coincides with 
the determinant of the matrix. We have seen, on the other hand, that all the 
roots of the characteristic equation have unit modulus. The first term of the 
characteristic equation will be (— 2)? = — 43, and therefore the constant term viz., 
unity is identical to the product of the roots. Since the equation has real coef- 
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ficients, only two cases are possible: either one root is equal to 1, whilst the 
other two are imaginary conjugates of unit modulus, i.e. of the form e*’, 
or else one root is 1, and the two others are (— 1). The second case is a particular 
case of the first with p = x. 

The real vector x‘, corresponding to the eigenvalue 4 = 1, must be a 


solution of the equation 
Vxl) == x(t), (196) 


In other words, this vector must not change with the rotation of space defined 
by matrix V. The vector is real since it corresponds to the real value å = 1, 
and it evidently defines the axis about which the space rotates (any rotation 
of space about the origin is equivalent to rotation about some axis through the 
origin). To find the components of x‘? in terms of the elements of matrix V, 
we re-write (196) as 

V-1 x) = xf) 


or, since V is real and unitary, we can write 
V(*) x0) — x0), 
We have on subtracting this from (196): 
(V — V+) x() = 0. 
We write this last equation out in full, the components of x) being denoted 
by (U U2), Uy). This gives the system 


(P12 — C21) Ua, + (V13 — Ps1) Ua, =O 
(Mx, — Pye) Uy + (D22 — Vae) Ug, = 0 
(9, — Vy) Uy, F (Osz — Vag) Uer =0, 


whence the formula for the direction of the axis of rotation follows at once: 
Ur iUz € Uar = (Vog — Vse) = (Va, — Vra) : (Vig © — Ver)- 

The two other eigenvectors x® and x‘? must clearly satisfy the equations 

Vxt2) = ei? x2) and V10) = e-i? x(s), (197) 


and these vectors now have complex components. We can find g from the 
condition that the sum of the roots of the characteristic equation is evidently 
equal to the sum of the diagonal terms, i.e. to the trace of V: 


1 + e-i? + el? = 1 + 2 cos Oy, + Ugg + Ogg, 


where 9 can be assumed to lie between 0 and x. 

Since the values of A in equations (197) are imaginary conjugates, it follows 
that we can assume that the components of x and x are imaginary conjugates. 
We form the new unitary matrix 


Jo 0] 
le we a| 

Us=|| 2? ¥2 jj (198) 
PER i 
as 2” || 
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It may easily be verified directly that the elements of the columns of the 
matrix W = UU) are equal to the components of the vectors 
x@) 4 x() _ x2) — x(a) 
A °> A ee 


i.e. they are real. Moreover W must also be unitary since it is the product of 
two unitary matrices, i.e. W is orthogonal. We now use the real unitary matrix 
W to apply a similarity transformation to V. This gives 


W3VW =U; U- VUU, = U5" [1, e®, e-i] U,- 


xf) : 


On carrying out the actual matrix multiplication, we get 


1, 0, olj 
W.2VW = || 0, cos g, — sin ọ ||. (199) 
0, sing, cosg 


We can always suppose that the determinant of the orthogonal matrix 
W is(-+-1), since we could multiply the matrix by (—1) if this were not the 
case, as a result of which (199) would remain unchanged. Hence W will also 
correspond to a rotation of three-dimensional space. Matrix (199), obtained 
as a result of the coordinate transformation x’ = Wx, is similar to V and yields 
the same transformation in the new coordinates as the original matrix V gave 
in the old. It follows directly from the form of matrix (199) that this corresponds 
to a rotation about a new axis x“ by an angle p, and the essence of our trans- 
formation amounts to our having used as axis x“! the above-mentioned axis 
of rotation represented by the vector x‘, 

A further important fact follows at once from the above: all the real matrices 
corresponding to a rotation of space by a given angle ¢ can be reduced to the 
same form (199) with the aid of a similarity transformation (different for dif- 
ferent matrices), so that such matrices are similar to each other. 

The matrices corresponding to different angles of rotation cannot be similar, 
since the different values of y lead to different sets of characteristic roots 1, 
o, e- *_ All these properties have an extremely simple geometrical inter- 
pretation. 


43. Projection matrices. We shall now consider a particular case of Hermitian 
matrices. Let Rm be the m-dimensional subspace formed by the linearly 
independent vectors y™®, ..., y. The subspace Em consists of the set of 
vectors of the form 

Cy) +... + Cny™, 


where the C, are arbitrary numerical coefficients. We can orthogonalize the 
y and form m mutually orthogonal unit vectors 


a), xm) 
which yield the same subspace Rm. Then we can make these into a complete 
system of n mutually orthogonal unit vectors by constructing a further (n — mm) 
unit vectors 

gM, aug a 
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These last vectors form an (n — m)-dimensional subspace R,_.,, the two 
subspaces Rm and Rn-m being mutually orthogonal in the sense that any vector 
of the former is orthogonal to any vector of the latter [14]. On writing any 
vector x in terms of the fundamental set x”: 


x= ox) 1... + 2 xl, (200) 
we can represent it as the sum of two vectors: 
x= [7x0 +... tax) 4+ [2g xt) +. tex a+, (201) 


one of which belongs to Rm and the other to Rp-m- It is easily seen that this 
resolution of any vector x into two components is unique. For suppose that, 
in addition to (201), we have a second resolution x = u’ + v’ withthe above 
property. Then 


utvy=u-+vYv or ua-—wa=v’'—y¥. 


The vector on the left belongs to Rm and that on the right to Rj,_m, so that 
u — u’ and v — v’ are orthogonal. 

But any vector orthogonal to itself is clearly zero [14], and consequently 
u — u’ = 0, ie. u is the same as u’, whilst v is the same as v, ie. u and v 
are uniquely defined for x. The vector u is called the projection of x on the sub- 
space Rm- The matrix for passing from x to u is called the projection matrix 
on to the subspace Rm and is written Pp,. The form of this matrix naturally 
depends on the choice of coordinate axes. 

If we take the x as fundamental set, x is given by (201), whilst u is given 
by 

=m) 4... tax, 


and the operation of projection here amounts simply to leaving the first m 
components as before and putting the remainder equal to zero. The correspond- 
ing projection matrix is clearly diagonal: 


Pra =[1, 1,---, 1,0, 0,-.., 0], 


where we have unity in the first m places and zero elsewhere. If the fundamental 
set were numbered differently, we should still get a diagonal matrix of ones and 
zeros, though in a different order. In the general case of any choice of Cartesian 
axes, the projection matrix has the form: 


Pra =U [l;e 1, 0, ..., OJU, (202) 


where U is unitary, and the eigenvalues of Pp are either zero or unity. Con- 
versely, every Hermitian matrix of this form is a projection matrix on to a 
subspace whose number of dimensions is given by the number of eigenvalues 
of Pp, equal to unity. 

A projection matrix can be alternatively defined as follows: a projection 
matriz ts an Hermitian matrix satisfying the equation 


Pt=P, (203) 
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For we can easily verify that a matrix of the form (202) satisfies relationship 
(203) on noticing that 17 = 1 and 0? = 0. Conversely, if an Hermitian matrix 
satisfies (203), and we write it 


PHU" [iy --- 4g] U, 
we have by (203): 
U~ [22,..., a2] U = U~ fA, .. Ag] U, 


i.e. 22 = Ay (k = 1, 2, ..., n), whence it follows at once that 4, is unity or zero. 
If all the characteristic roots of the matrix are unity, we have the unit matrix 
which corresponds to the identity transformation; in other words, a vector 
is projected on to the total space (and remains unchanged). Apart from this 
trivial ease, we have at least one zero characteristic root in the projection 
matrix, so that the determinant of the matrix, equal to the product of the 
characteristic roots, is also zero, i.e. there is no question of an inverse matrix 
P-1. We notice that it also follows directly from the definition that the projec- 
tion matrix Pp does not change a vector belonging to the subspace Rm» 
and diminishes the length of a vector not belonging to Rm. 

We follow these preliminary observations by considering some operations 
with projection matrices. Let us have two projection matrices Pp and Ps 
such that their product is zero, i.e. all the elements of the product matrix are 
zero: 

PsPp=0. (204) 


We take a vector x of the subspace R, such that Pex = x. Equation (204) 
gives us 
P sxr= 0. 


But it follows directly from this that x is orthogonal to any vector of the 
subspace S. For otherwise we could find a unit vector y of S not orthogonal 
to x and on taking this as the first of the fundamental set, we should have 
a non-zero magnitude for the first component of x which would remain unchanged 
on projection of x on to S. Hence we see that, if condition (204) is satisfied, 
every vector of R is orthogonal to every vector of S, and conversely. We now 
have, in addition to (204): . 

PRPs =0. (205) 


For, given any vector y, the vector Ps y belongs to S and is therefore ortho- 
gonal to every vector of R, i.e. we have for any y: 
Pp Psy =0, 


which is equivalent to (205). Conversely, if two subspaces R and S are ortho- 
gonal in the above sense, (204) and (205) are valid. 
We now consider the sum of the projection matrices: 


and assume that (204) and (205) are satisfied. We show that (206), which is 
clearly Hermitian, is also a projection matrix, i.e. we want to show that it is 
equal to its square: 


P? = (Pp + Ps) (Pr + Ps) = Pk + PRPs + PsPR + P3, 
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from which we have, in fact, in view of our conditions and the fact that Pp 
and Ps are projection matrices: 
P*=Pp+Ps=P. 

It may easily be seen that P corresponds in the present case to a projection 
on to the subspace (R + S), where the addition of R and S is taken to mean 
the subspace consisting of all the vectors which are the sums of vectors of 
R and of S, io. if R is formed from x, ...,2, and S from y™, ...,y", 
(R + S) consists of the system 

Cx) +... + O,x) + Dy +... + Dy, 
where the C; and D, are arbitrary constants. The above property may be 
generalized for any number of terms: 
P=Ps3,+ «ee + Psm- (207) 

If the subspaces Sy are orthogonal in pairs, i.e. any vector of S; is orthogonal 
to any vector of S; for differing ¢ and j, sum (207) represents the projection 
matrix on to the subspace (S, + ... + Sm), formed from all the vectors used 
for forming the Sp. In particular, the sum can be equal to the unit matrix: 


I= Ps, +- + Psm 


and we usually speak in this case of the resolution of the identity into projection 
matrices, or simply, of the resolution of the identity. 
We next consider the product of two projection matrices: 


P= Ps Pp. (208) 
For the product to be likewise a projection matrix, we first of all require it 
to be Hermitian which implies in turn [41] that the matrices commute: 
PRPs =PsPp. (209) 
This condition may be shown to be sufficient, i.e. P? = P in this case. We 
have i 
or, on commuting the matrices in accordance with (209): 
Pè = PEP = PsPp 


which is what we required to prove. It may easily be verified that, given com- 
mutation condition (209), matrix (208) corresponds to the subspace formed 
by the vectors common to the two sets that form R and 5S. 

We also notice a simple result, the proof of which we need not dwell on: 
if S forms part of subspace R, the difference 


P =PR— Ps (210) 


is also a projection matrix. If we take x as the fundamental set forming S, 
wo have to add one or more linearly independent vectors in order to get the 
fundamental set forming R. These added vectors themselves form a subspace 
T, and the projection matrix on to T is given by matrix (210). 
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By using projection matrices, we can state the problem of reducing a Hermi- 
tian matrix to the diagonal form in a precise manner even with the presence 
of multiple eigenvalues. 

Suppose, for instance, that we have the Hermitian matrix 


A=U[),..-; 2a] 07, 


where U is a unitary matrix. Suppose for definiteness that the 4, fall into two 
groups, the m of the first group being all equal to x, and the remaining (n — m) 
of the second group being equal to v: 


A=U[p,...,4,%,...,7] 07. 
We can evidently re-write our matrix as 
A=pU[{l,..., 1,0,..., J)U1+%0(0,...,0,1,--.,1]U7. 
We now introduce the projection matrices 
Pre=U([l,..., 1, 0,...,0]U-; Ps =U[0,...,0,1,..., U7. 


The corresponding subspaces R and S are obviously orthogonal, and addition 
of the projection matrices yields a unique matrix. We thus bave 


A=pPp+Ps, 


A=... =n" and Ami = -ee = Ap =E. 


where 


The problem of reducing an Hermitian matrix to the diagonal form amounts 
in general to a resolution of the indentity 


I=Ps,+...+ Ps), (211) 
such that A is expressible in the form 
A=“Pst+..-+ HmP Sy (212) 


where the y, are the different eigenvalues of our matrix A. Thus to every 
Hermitian matrix there corresponds a definite resolution of the identity (211) 
such that the matrix is expressible in the form (212). 

All the above results can easily be translated into the language of Hermitian 
forms instead of matrices. For every projection matrix Pp with elements 
Pir we have a corresponding Hermitian form: 


Pp (a) = (Pre 2) = S paž (213) 
i k=1 


which is sometimes called an Hinzelform. If the corresponding subspace R has 
m dimensions, and we take m mutually orthogonal unit vectors of RE as the 
first m of our fundamental set, form (213) becomes in this coordinate system: 


(PRY, x’) = xi ri + ari H ooe H Sf Tin- 


We observe further that, if the matrices Ps, are the resolution of the identity 
given by (211), we clearly have, on choosing as fundamental set mutually 
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orthogonal unit vectors from each of the subspaces Sg: 
m no, 
2 Pal) = X rri 
k=l i=l 
and consequently the sum 
m 
> PS,(x) 
k=1 


gives the square of the length of the vector for any choice of coordinate axes. 
We can therefore say that the problem of reducing an Hermitian form A to a sum 
of squares is equivalent to solving the two equations: 


m 

A(z) = 2 Psa), (214) 
m 

juf= X Ps,(x). (215) 
k=1 


The introduction of the projection matrices thus allows of a statement of 
the problem of reducing an Hermitian matrix to the diagonal form without 
any special choice of coordinate axes. This in turn makes it possible to extend 
the above results, with suitable changes, to the case of space with an infinity 
of dimensions, which is the basic mathematical problem from the point of view 
of present-day quantum mechanics. We shall not discuss this till later. This 
extension to the case of an infinite set of dimensions carries us outside the realm 
of algebra and is intimately connected with the introduction of the apparatus 
of analysis. 


44. Functions of matrices. Matrices can take the role of the arguments 
of functions. We confine ourselves here to considering the most 
elementary functions, viz., matrix polynomials and rational fractions. 
A more detailed treatment of the theory of functions of matrices 
will be found later, after the theory of functions of a complex variable. 
A polynomial /(.4) of degree m in the variable matrix A has the form: 


f(A)=a_te¢At...+c,4™, (216) 


where the c, are numerical coefficients. The value of the function is 
given by the matrix whose elements are evidently 


{F (A) bine = Codi + ca {A}ig + ++ + om {A™ bins 
where 
Ôi = 0 for i#k and 6; =1. 


We can also consider a polynomial in several matrices but have to 
bear in mind the non-commutativeness of matrices on multiplication. 
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A second degree polynomial in two variable matrices A and B has 
the general form 


j (4, B) =c +64 + eB + eA? + eB? + ¢,AB + ¢,BA. 


We replace the A in (216) by the similar matrix U-1 AU. We have, 
on recalling that (U-? AU)* = U-1 A‘ U, 
f(U-! AU) = ca +e U AU 4+... H Cm UTA" U = 
=U-"eg +h A+... em 4")U, 


i.e. 
(U1 AU) =U HAU. (217) 


An analogous expression holds for a polynomial in several matrices: 
{(U AU, U-1 BU) = UHA, B)U. (218) 


We next dwell in rather more detail on the case of Hermitian 
matrices. If A is Hermitian, it follows directly from the definition 
that any positive integral power A“, and the product cA, where c 
is a real constant, are also Hermitian. Moreover, the sum of Hermitian 
matrices is Hermitian. Hence it follows directly that if A is Hermitian 
in (216) and the coefficients c, are real numbers, the value of the 
function f(A) is also Hermitian. The Hermitian matrix f(4) clearly 
commutes with A, and they can be simultaneously reduced to the 
diagonal form with the aid of some unitary transformation. We notice 
firstly that if we substitute a diagonal matrix [A,, ..., An] for A in 
function (216), we clearly get another diagonal matrix: 


S oft, <- a, I= An, -+ And (219) 


k=O 


where /(A;) is the numerical value of the polynomial on substituting 
the numbers A; for A. 
Now let V be the unitary transformation reducing A to the diagonal 
form: 
AV [Apts zal Yo 


We have by (217) and (219): 
f(A) = VUf(Ay), -- -> FAA] V+, 


ie. V also reduces f(A) to the diagonal form, the eigenvalues of this 
last being f(A,). 
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We now turn to rational fractions. Let f(4) and f,(A) be two 
polynomials in the matrix A. We consider their quotient: 





f(A) 
HA: (220) 


We saw earlier [26] that the quotient of two matrices does not in 
general have a definite meaning. It may be shown in the present 
case, however, that (220) has a definite value provided only that the 
determinant of matrix f,(A) differs from zero. We can write (220) 
in two ways: 


f,(A) f(A) or fA) flA 
We shall show that these two expressions are a 
f(A) f.(4)-* = f(A) f(A). 
or what amounts to the same thing: 
14) fi A) = fil A) fal 4). (221) 
Since our polynomials contain only the single matrix 4, they 
commute, i.e. (221) in fact holds, and quotient (220) has a single 


value. It is easily shown further that, in the case of a single matrix, 
rational fractions can be multiplied like ordinary fractions. For 








HD MA f(A) AA fal) AA, 


or, since the terms commute: 


f(A) f(A) _ , -1 _ f(A) f(A) 
f(A) 1A) = f(A) f,(A) [72(A4) T{4)] al AEN 7(A) : 


We take as an example the rational fraction 


1+i%A 
U =’ (222) 








where A is an Hermitian matrix, ie. A® = A. It is easy to see 
that U is unitary, i.e. 
0 =U. (223) 
For we have 


71-4 ay ate 
U a (1— #4) (1424), 





whence we get, on passing to the transposed matrix [26]: 


T9 = (1+ iAP (1 — 7A) = (1 + 14M) (1 — 4A) , 
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or, since A® = A: 


1—tA 


UW = (1 + i4) (1 — iA) = FiA 


= U, 





i.e. (223) is satisfied, and U is in fact unitary. 
We can write (222) in the form 
U (1 — i4) =(1-+ iâ), 
whilst the fact that U commutes with A by (223) means that 


U—1 
U+1l` 





A=i (224) 


It can be shown, precisely as above, that if U is unitary and the 
determinant of the matrix U + 1 differs from zero, the matrix A 
defined by (224) is Hermitian. Hence any unitary matrix for which 
DU +1)#0 can be written in terms of an Hermitian matrix A 
in accordance with (222), 


45. Infinite-dimensional space. We now set about. introducing the 
concept of space with an infinite set of dimensions. We need the pre- 
liminary idea of the limit of a complex variable. Let the complex 
variable z = z + yi take the sequence of values: 


BHM WAM Yess -e = Tnt Yri... (225) 


We say that the complex number a = a + bi is the limit of sequence 
(225) if the modulus of the difference (a — zn) tends to zero on 
indefinite increase of n, i.e. | a — Zn |—> 0 as n—> œ, and we write 
a = lim Z, or 2,-—>a. But 


[é — zal = | (8 — 2) + © — yn) i| = Va = F Oy. 


Since both terms under the radical are non-negative, the condition 


| a — zn | —> 0 is equivalent to the two conditions: z, > a and Yn —> b. 
Thus 


Lp +y iat bi (226) 
is equivalent to z,—> a and Yn —> b. We consider the complex series: 
X (a+b?) - (227) 

k=l 


It is said to be convergent if the sum of its first n terms: 


8, = Seti) = (tat... +a) +O +o t s+ +5,)¢ 
k=l 
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tends to a limit: S, —> a + bi on indefinite incrase of n, the limit 
(a + bi) being called the sum of the series. It follows from this defini- 
tion that the convergence of series (227) is equivalent to the convergence 
of the series 


a= Sa, and b= Sb, (228) 
k=1 k=1 


formed from the real and imaginary parts of the terms of (227). 
Suppose that the series 


Dl t+ |= > Var + GE, (229) 
k=l k=1 


formed from the moduli of the terms of (227), is convergent. In view 
of the obvious inequalities 


\a,|<Vaz+b and |b,]|< VF, (230) 


series (228) will now also be convergent and in fact converge absolutely, 
and series (227) is therefore also convergent, i.e. if series (229) is con- 
vergent, (227) is certainly convergent. Series (227) is said to be ab- 
solutely convergent in this case. By applying the usual Cauchy test, 
we can state the necessary and sufficient condition for absolute con- 
vergence as follows: given any small positive e, there exists an W 
such that 


n+p 2 
> |& +i |<e, (231) 
k=n 

where p is any positive integer and n > N. 


We now apply the above to some particular cases that are essential 
to what follows. We take the series 


Sorbe: (232) 


k=l 


where a, and p are complex numbers, and where it is known that 
the series 


Slax? and $1 Be? (233) 
k=1 kal 
are convergent. We use the inequality proved in [29]: 


n n n+ 
i S lab < S lal S e : 
k=n k=n ken 
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We obtain from this, on taking into account the convergence of 
series (233), the fact that the sum 


n+p 


> | ax By 


k=n 


is as small as we please for large n and any p, i.e. the convergence 
of series (233) guarantees the absolute convergence of series (232). 
We now consider 


Dla + Bel? = X (a; + by) (ax + Pi) (234) 


k=1 k=1 


series (233) being assumed convergent as before. Series (234) can be 
written as the sum of four series: 


a 


co co m © 
PALAE |f|? > ar pi > Êr- 
kzi k=l kel 


=I 


The first two are convergent by hypothesis, whilst the last two are 
convergent in view of the proposition proved above, i.e. the con- 
vergence of series (233) implies the convergence of (234). 

We now turn to space with an infinite number of dimensions. 
A vector in this space is defined by an infinite sequence of complex 
numbers: 


x(%, %,---), 


these numbers being always assumed subject to the condition that 
the series 


PALA (235) 
f= 


is convergent. The aggregate of such vectors is generally called Hil- 
bert space, the first investigation of this space being due to Hilbert. 
In future we shall write H for the space for brevity. l 

As above, we bring in the basic operations of multiplication of a 
vector by a number and addition of vectors for vectors of the space H. 
If we write the components of x as z,, we take the components of cx, 
where c is a complex number, as equal to cz. If a and Y, are 
the components of x and y, the components of the vector (x -+ y) 
are taken to be equal to (£k -+ Yx). The difference x — y is the sum 
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of x and (—1)y (cf. [12]). Since series (235) is convergent, the series 
Ži | czy |? is also convergent. Similarly, if 

Slr? and S |y 

kml k=1 


are convergent, it follows from what has been said above that 


Mv: 


| t+ Yx|* 


1 


> 
I 


is also convergent, i.e. the numerical sequences (cz, cx,,...) and 
(2, +Y Ta + Yz ---) define the vectors cx and x + yin H, if xand y 
belong to H. The null vector is the vector, all the components of 
which are zero. It is simply denoted by the number 0 in vector 
equations. 

Operations on the vectors are subject to the usual rules (cf. [12]): 


xty=ytx (e+y)+2=x+(y+2); 
(a+ b)x=ax+ bx; a(x+y)=—ax+ay; a(bx) =(ab)x. 


Similarly, from what has been said, we can define the scalar product 
of two vectors x and y of the space: 


(x y) = > 2Yu- 
k=1 
The sum 
(x, x) = Y |z]? (236) 
kal 


defines the square of the length, or in other words, the norm of the 
vector x. We introduce the following notation for this: 


> 1%) = ljal. (237) 


The norm of any vector is positive, except in the case of the null 
vector, the norm of which is zero. Two vectors u and v are said to 
be orthogonal if their scalar product is zero, i.e. (u, v) = 0 or (v, u) = 0, 
one equation being a consequence of the other. Scalar products are 
subject to the same fundamental laws as in the case of a finite number 
of dimensions [13 and 30]. In particular we have the inequality 


l= <ly (238) 
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and the triangle rule follows exactly as in [30]: 
lx +yli <|[xll+llyll- (239) 


If the vectors x (k= 1, 2, ..., m) are orthogonal in pairs, i.e. 
(x, x) = 0 for i #7, we obviously have 
(x top x xO 4 x) = (x, x) +o. (x0 ` x(™), 
or, what amounts to the same thing: 
[x 2. x [P= xDe o + a, (240) 


i.e. the square of the norm of a sum of vectors that are orthogonal in 
pairs is equal to the sum of the squares of the norms of the terms. This 
proposition may be termed Pythagoras’ theorem. It follows at once 
from the definition of norm that, if c is a complex number, we have 
for the norm of cx: 

ex || =| cx] - xl- 


If the vectors z®, z®, ...,2° are orthogonal in pairs and the 


norm of each is equal to unity, i.e. 
(z), 2) =0 for pq, 


(z), 2) = 1, 
(240) gives 


[| x26? + tee + CZ ||? = | cy |? + ajar + | em | 


where the c, are arbitrary complex numbers. 
The fundamental vectors in our space H have the components 


a® (1, 0, 0, ...); a@ (0, 1, O...);... 

The a“ are mutually orthogonal unit vectors. We can write the 

components 2%, of the vector x as scalar products: 
Tk = (x, a®) . 

We again consider an arbitrary system of m mutually orthogonal 

vectors of unit length 
z (k=l, 2,..., m). 
The scalar product (x, z“) defines the magnitude of the projection 


of x on the axis z™. The z™ do not form a complete system of axes 
for the space H, and the sum 


> x) 


kal 
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in general differs from x. We can write our vector x as: 


m 
x= > (x,2) 2 +u. (241) 
k=l 

On forming the scalar product on the right of both sides with 2 
and recalling that the z® are mutually orthogonal unit vectors, 
we get 

(x, zi) = (x, z®) + (u, zi), 
i.e. (u, 2) = 0, or in other words, u is orthogonal to all the z” 
We can thus apply Pythagoras’ theorem to the sum (241): 


lze= 5 | 2) P+ fal 
k=1 
whence the so-called Bessel inequality follows at once: 
m 
lxi? > X (x, 2) p. (242) 
k=1 


This can be stated as follows: the sum of the squares of the moduli 
of the projections of a vector on to any given mutually orthogonal unit 
vectors is not greater than the square of the length (norm) of the projected 
vector itself. We have the sign of equality in (242) when and only 
when the vector u in (241) is zero, i.e. its components are all zero. 


46. The convergence of vectors. We now explain the idea of the 
limit of a variable vector. Suppose we have a sequence of vectors v™, 
where k takes the values 1, 2, 3, 


We denote the components of ye) by vo, of, ... We shall say 
that vectors v tend to the vector v in the limit if 
|v —v|| +0, ie. [iv — v2? > 0. (243) 
On writing V v» ... for the components of v, we can express 
condition (243) in the unabbreviated form 
lim [|v, — PE + |e, — P+ .--]=0. (244) 
k— o 


A sum of positive terms tending to zero implies that each term 
tends to zero, i.e. we have directly from (244): 


|%m — P| —>0 as k> oo (m=1, 2,...), (245) 


so that each component + must tend to the corresponding component 
Um, OF more precisely, the real and imaginary parts of v® must tend 
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to the real and imaginary parts of vm. We notice that the converse 
is not valid, i.e. condition (244) does not necessarily follow from (245). 
Suppose for instance that v has the components (0,..., 0,1, 0, ...), 
the unity being in the kth place. Each component becomes zero on 
indefinite increase of k, ie. we have v® —> 0 for any integral m, 
i.e. Vm = 0 (m = 1, 2, ...), whereas the sum (244) remains throughout 
equal to unity. 

If the v™ sequence tends to v, we write v“ = v. We consider 
the following example of convergence. Let v(x, va ...) be a given 
vector and let vectors v™ be defined so that their first k components 
are the same as those of v whilst the remaining components are 
Zero, i.e.: 


k) 


VA (u,, Vas ---3 Vy 0, 0,...). 
It is easily shown that v“ = v. For in the present case 
r= S lon? 
n=k+1 


and in view of the convergence of the series with the general term 
| On |?, the sum above tends to zero on indefinite increase of k. We 
observe some simple rules relating to limits. Ifa“ > u and y“ >v, we 
have 

no) + yO>o+v and (a, vl) — (u, v). 


It may be mentioned that the scalar product is a complex number, 
which is why we write — instead of = in the last expression. 
This last expression in fact shows the continuity of a scalar product. 
We have by (239): 


| (a+ ¥) — (a + ve) || = |] (a — a) + (v — v) || < 
<lu — a || + | v—v I], 


whilst by the definition of limit, || u — u® || — 0 and || v — v™ || + 0. 
It follows from the inequality that 


|| (a + v) — (a + x) |] — 0, 


i.e. in fact u + v® =u + v. Furthermore, it follows from the 
definition of limit that 


n® =u + s); yw) =v + 1, 
where || s® || > 0 and || t || > 0. We have for the scalar product: 


(a, vO) = (a+ 2, v +) = (u, v) + (0, t) + (6, v) + (0, 1), 
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whence 
| (a, v) — (a, vw) | < | (a, 2) | + | (8, v) | + | (8, 2) |, 
or, by (238): 
(œ v) — (o®, ¥) | < [a] pe + [fs [|] se |e]. 
The right-hand side tends to zero, so that also 
| (a, v) — (a, v)| +0 ie. (a, v®) —> (u, v). 


In particular, (a®, a) > (u, u), i.e. || a ||2—> || u |? or || a || > 
—> || u |l. 

It is easily shown also that if the numerical sequence c, has the 
limit c, we have cu => cu. 

The necessary and sufficient condition for the existence of a limit 
is expressed as usual by Cauchy’s test. We shall state the test for 
a given case. Suppose we have the vector sequence 


v® .(b=1,2,...). (246) 


The necessary and sufficient condition for this sequence to have 
a limit is as follows: given any small positive €, there exists an V 
such that 

|] vO — vo || <e, (247) 


provided only that n and m are > N. 
We first show that the condition is necessary. Let sequence (246) 
have the limit v. We can now write 


vin) — yh) — (v) — v) + (7 — vim), 
and therefore, by the triangle rule: 
]  — v] < J] — vf] +] — 9 


It follows at once from the definition of limit that both terms on 
the right tend to zero on increase of n and m, so that the same must 
be true for the term on the left, i.e. condition (247) must in fact 
be satisfied. We now turn to the sufficiency of (247). We assume that 
(247) is fulfilled, and show that the sequency (246) tends to a limit. 
We can write (247) in the expanded form: 


D> |e — P< for n and m>N, (248) 


sal 
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the components of v? being written oY. It follows at once that for 
any 8: 
|x —eM| <e for n and m>N 
or alternatively, on separating into the real and imaginary parts: 
up = oP + ip, 
we can write 
[a — am| <e and | sO — AM <e. 
We can say by applying the ordinary Cauchy test that af? and 
BP have the limits a, and fs, and consequently v tends to the 
complex number a, -+ ô fs. We call this limit v, and show first that 


the series X | v, |? is convergent, i.e. the v; are the components of a 
s=1 


vector. On retaining a finite number of first terms in sum (248) 
and passing to the limit as n > œ in this finite sum, we get 


M 
Slumpa, 
s=1 


where M is any integer. Passage to the limit with M — œ in this 
last expression gives us 
Jlo — M< e, (249) 
s=1 
whence it follows at once that the numbers v, — vf” are the com- 
ponents of a vector. We already know that this is true as regards 
the numbers v{”, and we can therefore say that it is true for the vs, 
i.e. the vs are the components of a vector v. We can thus write (249) as 


lv — ve || <e, 
for m >N, ie. v™ =v, and sequence (246) in fact has a limit. 


Each component v, of the vector v is obviously defined as the limit 
Cm) 


of vs”, whence it follows at once that there can only be the one 
limit. We now consider the infinite vector sum 
o® pat... (250) 
It is said to be convergent if the sum of the first n terms: 
s09 = uM + Lad + a™ 
has a limit in the above sense as n— œ. By Cauchy’s test, the 
necessary and sufficient condition for convergence is that 
| git+P) ami s) Il = |l u+) + oe + u+) | <E r (251) 


for n > N and any p. 
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We have, on taking into account the continuity of scalar products: 
(x, 0 + o®@ 4+...) = (x, u®) + (x, u) +... 
(a + w® +... x) = (a, x) + (a, x) +... 


On applying this to the case when the vectors u are mutually 
orthogonal, we have 


(a + aM +... u + p@ +...) = (aM, a) + (a, a®)) ee 
or 


Ja +u +.. fF = fa P+ oP +... 


i.e. Pythagoras’ theorem is also valid for the sum of an infinite set 
of mutually orthogonal vectors. 

We now establish the necessary and sufficient condition for the 
convergence of series (250) of mutually orthogonal vectors. In accord- 
ance with Cauchy’s test, we have to form expression (251) which 
is equal, by Pythagoras’ theorem, to 


ae PF wep. 


Hence it follows at once that the necessary and sufficient condition 
for convergence of the series is the convergence of the series con- 
sisting of the squares of the norms of the vectors u“. This result 
can be expressed alternatively as follows: let x“ be mutually orthogonal 
unit vectors. We farm the series 


> 0,x, (252) 
k=1 


where the C, are certain numbers, The necessary and sufficient con- 
dition for the convergence of this series is, by what we have proved 
above, the convergence of the series 


> | ox). 
k=1 


This implies among other things that changing the order of the 
terms in series (252) does not affect its convergence. It is easy to 
show also that the sum of (252) remains unchanged on changing the 
order of the terms. 


47, Complete systems of mutually orthogonal vectors. We now bring 
in an important concept, that of a complete system of mutuaily ortho- 
gonal vectors. We can show, as in the case of a finite number of dimen- 
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sions, that every finite set of mutually orthogonal vectors is linearly 
independent. We saw in the case of n-dimensional space that a set 
of any 7 linearly independent vectors formed a complete system in 
the sense that any vector could be expressed as a linear combination 
of these n vectors. We no longer have such a simple criterion of com- 
pleteness in the case of an H space, since the number of dimensions 
is infinite. We shall only employ mutually orthogonal unit vectors 
in future. 

Suppose we have an infinite set of mutually orthogonal unit vectors 
x (k = 1, 2,...), and let y be a given vector of the space H. As 
in the case of a finite number of vectors, we form the sum of the 
projections of our vector on the axes: 


« 


> (y, x) x®, (253) 
k=l 
As shown above, we have the inequality for any m: 
m 
P (yx)? < ly IP, 
and therefore in the limit 


Èo. x) 2 < ly, (254) 


_ 


so that the series on the left must be convergent. It now follows at 
once that series (253) must also be convergent. Suppose 


y= S(y.x) x +u. (255) 

k=1 
It may readily be shown as in [45] that the vector u is orthogonal 
to all the vectors x“, and consequently, by Pythagoras’ theorem: 


ly? = 1.x) P+ al. (256) 
k=1 


Hence it follows that if the vector u in (255) differs from zero, we 
have the < sign in (254), whilst if u is zero (i.e. all its components 
vanish), we have the = sign in (254). 

The system of axes u“? is said to be complete if we have the = sign 
in (254) for any vector y of the H space. In this case, we can evidently 
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resolve any vector in terms of the complete system of fundamental 
vectors: 


y= S(e®-y) x. (257) 
k=1 


A complete system is alternatively said to be closed, whilst the 
formula 


S| (7.x P =lly IP (258) 
k=1 


is called the closure equation. We notice a consequence of (258), 
called the generalized closure equation. Let us have two vectors y 
and z, and let the x“ form a complete system, so that for any y and z: 
Y= > (yx) xO, z= S (zx) x. (259) 

k=] k>1 


On applying (258) to the vectors y + z and y + iz, we get: 





S [(y, x) + 2x] [=] + (7 20] = (y +z, y + 2), 
k=1 


S [y 2) + i(z,x)] [5 x) — 6x] = (y + iz, y + iz). 
k=l 


We obtain, on using the closure equation for y and z: 


> (y, x) (z, x) + > (z, x) (y, x) = (y, z) + (z, y), 
k=l k=1 


> (7.x) x) — Y (2, x) (7, x®) = (y, 2) — (9), 
k=l k=1 
whence follows the generalized closure equation: 


> yx), x) = (7,2). (260) 
k=1 


If x is the same as y, this equation becomes (258). 
We now consider in detail the fundamental vectors x“®?. Since these 
are mutually orthogonal unit vectors, we have for their components 
(k) = : 
xs” (s=1,2,...): 
SZ = pp (261) 


s=1 


where ôp = 0 for p# q and ôpp = 1. 


47) OOMPLETE SYSTEMS OF MUTUALLY ORTHOGONAL VECTORS 169 


We now find the condition for completeness of the system x“). 
We bring in for this purpose the vectors y”, whose lth components 


are equal to unity and the rest zero. We have 
(yO, x) = zf, 


and (258) gives 


|e P=1 (t= 1,2,3, ...). 
k=l 
On now applying (260) to the vectors y” and y? for p# q, and 
using the fact that they are orthogonal, we obtain in addition to the 
above the following conditions: 


> Pa =0 (pF g), 
k=l 
i.e. in general, 


ae ZO = 60. (262) 


We write down the components of our vectors x“ inthe form of an 
infinite matrix: 
2, 22), a, 
2, g, 2, ... (263) 


Ce | 


Equations (261), expressing the fact that the x“ are mutually 
orthogonal unit vectors, are equivalent to the fact that the columns 
of this matrix are normalized and orthogonal. Conditions (262) show 
that the rows must also be normalized and orthogonal for the system 
of x to be complete. 

We now show that conditions (262) with p = q are likewise suffi- 
cient for completeness. In fact, if these conditions are satisfied with 
p = q, the closure equation applies for the vectors 


D 
y (0, ...,0,1,0,...) 
(k) 


and all these can be expressed linearly in terms of the vectors x 


y = > cD x) sï 
k=! 


We show that the same is true for any vector z. We denote by 2” 
the vector whose first } components are the same as for z, whilst the 
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remaining components are zero. We obviously have 
2 =z yO 4...42z, 79, 


and since the y“” are expressible linearly in terms of the x) the same 
can be said of 2°: 


70 = sa xO), 
k=1 


On forming the scalar product of both sides with x™, we get the 
following usual expressions for the coefficients d{?: 


d® = (2, xh). 
On the other hand, as we have seen above: 
z= Y dx” +u, (264) 
k=l 


where u is orthogonal to all the x“, We now consider the difference 
z—20= Sa — apy x +u. 
ke 
By Pythagoras’ theorem: 
2B Ẹla WI + ulf, 


and consequently 
lal? < lz — 2° |P- 


The vector u does not depend on J, whilst we know from [46] that 
the right-hand side tends to zero as l—> œ. Hence it follows at once 


that u = 0, and (264) gives the resolution of any vector z in terms 
of the x“: 


z= Şdx® [dp =3®.z]. (265) 
k=1 


Thus the closure equation is valid for any vector. The final 
result can be stated as follows. The necessary and sufficient condition 
for mutually orthogonal unit vectors x to form a complete (closed) 
system is that the sum of squares of the moduli of the elements of each 
row of mairix (263) is equal to unity. If this condition is satisfied for 
matrix (263), its rows are orthogonal. 


48] LINEAR TRANSFORMATIONS WITH AN INFINITE SET OF VARIABLES 171 


48. Linear transformations with an infinite set of variables. We shall 
consider in brief outline the linear transformation with an infinite set 
of variables: 

Ti = Ay, Z+ laty + --- 
Ly = Aq, Ty + Ayn tyt --- 


ee d‘ 


(266) 


or 


x’ = Ax, (267) 


where A is the infinite matrix with elements ax. We first of all lay 
down the condition that the infinite series on the right-hand sides of 
equations (266) are convergent for any vectorx of the space H. As we 
know, this condition is satisfied if the series 


Šla @=12...) 
k=1 


are convergent for any z. It can be shown that this condition is neces- 
sary as well as sufficient. If this condition is not satisfied, the series 
on the right-hand sides of equations (266) are convergent for only a 
part, and not the whole, of the space H. 

It is natural to lay down the further condition that if 2, is a vector 
component, the number g; obtained as a result of transformation (266) 
also represents a vector component of the space H, i.e. the series 


Me 
x 
bo 


f=1 
must be convergent if we have convergence of the series 
oo 
Slat. 
k=l 


If the matrix A satisfies the above two conditions, the corresponding 
transformation A is said to be bounded. The point of this term lies in 
the fact that we can prove the existence for such a transformation 
of a positive number M such that 


lx I? < || =I, (268) 
or in the expanded form: 


S [x2 <M Siet. (269) 
ksi k=1 
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We shall dwell on a particular case of a linear transformation. We take 
the transformation 

2i = Uy tı + hT t 
T3 = Uz Ly + U Ta t [° 


ee ooo oulga‘ 


(270) 


the series 
o | ax |? 
k=l 


being as usual assumed convergent for any 7. We bring into the discus- 
sion vectors u® with components tig, Ür» ..., and suppose that the 
coefficients u; are such that the vectors u™ form a complete system 
of mutually orthogonal unit vectors. As we have shown above, this is 
equivalent to the rows and columns of the matrix of uy, being ortho- 
gonal and normalized, i.e. 


Z tse tsa = Opp Z trs as = Spa: (271) 
The corresponding transformation (270) is said to be unitary in this 
case. 
We can write equations (270) as 
(x, n) = zi 
(x, 2) = z; (272) 


The closure formula gives us 


oo oo 


> |% =x = Sle 
i.e. as in the case of a finite number of dimensions, a unitary trans- 
formation does not change the length of a vector, and we can take 
M = 1 in expression (268). 

Equations (270) may readily be solved with respect to the x, which 
gives us the inverse transformation to (270). On using the fact that 
the system u“? is complete, we obtain from equations (272) the follow- 
ing definitive expression for the vector x: , 

x= yuh 4 20+... (273) 
or 
ti = My H+ atst .-- 
(274) 
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In other words, if equations (270) have a solution, it must be ex- 
pressed. by (273) or (274). Of course, we are referring here only to the 
solutions 2, for which the sums of the squares of the moduli are con- 
vergent. We now show that equation (273) in fact yields the solution 
of the problem. The given numbers gy are by hypothesis such that 
the squares of the moduli form a convergent series. Hence follows the 
convergence of series (273), as we know, since the u“? are mutually 
orthogonal unit vectors. We have for the sum of this series; 


(x, 0) = (af a® + go + ..., u) = Tk, 


i.e. the sum in fact satisfies system (270). System (274) shows that the 
inverse of the unitary transformation is obtained by replacing rows by 
columns and all the elements by their conjugates, i.e. we have here 
an entirely analogous case to that of a finite number of dimensions. 

In the general case even of bounded matrices, the problems of in- 
verse matrices and of reduction to the diagonal form present greater 
difficulty and lead to results that have no strict analogue in finite- 
dimensional space. A more detailed account of linear transformations 
by means of infinite matrices will be found in the fifth volume. We 
confine ourselves here to indicating a few results. We may mention 
the necessary and sufficient condition as regards the coefficients aj, 
for transformation (266) to be bounded. It is stated thus: there exists 
a positive number N such that, with any positive integral k and any 
numbers z; (s = 1, 2, ...), we have the inequality 


k z k 
| = anm Em Tn| < N S| tn)? - 
n,m=1 m=l1 


The following simple sufficient condition may also be proved for bound- 
edness of the transformation (266): there exists a positive number 
l (not dependent on m or n) such that we have the inequalities 


> |2nm| <i; >| Gnm| <t- 
m=1 n=1 
(n=1, 2, ...) (m=1, 2, ...) 
If the matrix A defines a bounded transformation, there exists a 
unique matrix A such that, for any x and y: 
(Ax, y) = (x, Ay), 


the elements &, of A being given by i = dj. If A is the same as A, 
i.e. dj, = dy, the bounded transformation (266) is called Hermitian 
or self-conjugate. 
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We have for bounded transformations: 


(4x, y) => (È Am Im) Yn = 3% (È tam Bn) = 


. 


k ol 
= lim Ş > Sam 2m Yn - 
$ k=% m=1ln=1 

lou 


We notice the important particular case of a bounded operator, when 
we have convergence of the double series 


> |ant. (275) 


nym=1 


In this case the double series 
> Imm Yn 


n, m=1 
is absolutely convergent for any choice of vectors x(z,,2,...) and 
Y(Y1 Yo ---). If, in addition to the convergence of series (275), we have 
dix = r We arrive at the possibility of reducing the Hermitian form 
to a sum of squares with the aid of a unitary transformation: 


D tam%mYn = 2%» 
n, m=1 k=1 

where the vector z(z,, 2,,...) is obtained by application of a unitary 
transformation to the vector x(2,, x,,...): z= Ux. With this, 2,0 as 
k—» œ. If A and B are infinite matrices, yielding bounded transfor- 
mations, successive application of them also yields a bounded trans- 
formation, the coefficients of which are given by the usual expressions 


{B4}u = = {B}is {A} sx - 
s= 

We remark also that, if the vector sequence x“) has the limit x, i.e. 
x >x, then Ax” > Ax, if Ais the matrix of a bounded trans- 
formation. 

Unbounded linear transformations also play an essential part in 
applications to mathematical physics. These are discussed in the fifth 
volume. 


49, Functional space. We have considered the space H in which 
a vector is defined by an infinite set of components, enumerated by 
means of integers: the first component being z,, the second z,, and 
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so on. We now turn to the functional space F in which the role of a 
vector is played by a function of one or more arguments which are 
capable of continuous variation. 

We consider a function f(z), defined in the interval a < z < b. We 
can regard the function as a vector; for every value 2, of the above 
interval there is a corresponding number f(z) which gives the com- 
ponent of the vector with the subscript z,. Here the independent 
variable z, which plays the part of component subscript, runs contin- 
uously through all the values in the interval a < z < b, so that our 
vector f(x) has a continuous set of components. The value z, corre- 
sponds to the number of an axis in previous notations, whilst the value 
of the function /(z,) gives the magnitude of the corresponding compo- 
nent. We shall assume here that f(z) can take both real and complex 
values, whilst the interval of variation of the independent variable 
will always be taken to be a finite segment of the real axis. 

For the present we shall consider for the sake of definiteness the 
complex functions f(x) = f(x) + if,(z), defined and continuous in 
the finite interval a < z < b. 

Such functions can be multiplied by complex numbers and added, 
as in the case of vectors of space H. This leads to further continuous 
functions. When defining the norm and scalar product we must replace 
summations everywhere by integrations. A scalar product is defined 
by 


b ENA 
(p(z), p(2)) = f p(z) p(x) dx (276) 
and the square of the norm by 
b 
Il f(z) |? = Fa), H2) = f IAE) Pde. (277) 


Let the system of functions p(z) (k = 1, 2, ...) form a system of 
mutually orthogonal unit vectors, i.e. 


b —— 
f PplZ) P(T) dT = Ô pg - (278) 


We have already mentioned such systems of normalized and orthog- 
onal functions [II, 148] and we confine ourselves here to recalling 
some results that have a direct connection with the above. The only 
new feature compared with [II, 148] is the fact that our present 
functions can also take complex values. 
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Suppose, then, that the p(x) form an orthogonal normalized system 
and let f(x) be a given vector (or function). We bring into the discussion 
the Fourier coefficients of f(x) or, in our present terminology, the 
magnitudes of the projections of the vector f(z) on the axes of the. 
functional space represented by the functions ,(z): 


b 
a, = (f(T), Py(x)) = Se ) p(x) dz. (279) 


We consider the integral 


I= §[he) — evened ae (280) 
a k= 


or 
b 


= f [a = a, Pal2)] [Kæ — 2 a, a, P.AZ)] dz. 


a 


We take into account equations (278) and (279) and arrive at the 
following expression for the integral: 
b n 
= | |2) pds — Fal, 
k=1 


a 


whilst in view of the fact that I, > 0, we have 
n b 
Slat < fle) Pde (281) 
k=1 a 
and in the limit, as n —> œ: 
æ b 
Slaf f| K2) Pde. (282) 
k=1 a 
This is known as Bessel s inequality. 

If we have the = sign in the last expression (282), the integral I, 
tends to zero on indefinite increase of n and, conversely, if the integral 
tends to zero, we have the = sign in (282), 

If the = sign is obtained in (282), i.e. 


>a = f Ia [dz (283) 
k=1 a 


for any continuous function f(x), the system of functions p(x) is said to 
be complete or closed, whilst equation (283) is called the closure equation. 


49] FUNCTIONAL SPACE 177 


The integral J, here tends to zero for any continuous function 
f(x): 


b n 
lim {| f(z) — >a pila) |d = 0, (284) 
n>- q k=1 


i.e. any such function can be represented to any required degree of 
accuracy by a linear combination of a finite number of p(x), the phrase 
“to any required degree of accuracy” being understood to mean, not 
arbitrary smallness of the difference itself: 


lf) — Sa, pda) |, 
k=l 


but arbitrary smallness of the integral J, for large n. Thus if we want 
to be more precise, we should speak of approximating to f(x) by a 
linear combination of a finite number of ¢,(z) to as small as desired 
a root mean square error. 

Just as in [47], a generalized closure equation may be written for a 
complete system of functions ¢,(x). In fact, let a, and by be the Fourier 
coefficients of the functions f(x) and f,(z): 


a, = fro Pt)de; b, = Sak (£) (a) dz (285) 
The following generalized closure equation is valid: 
co — b = 
4,5, = | Ha) Fe) dz. (286) 
k=1 a 


Let the a; be the Fourier coefficients of f(x) as above. We form the 
Fourier series 


ak P(T). 


Th 
= 4% 


We cannot say that this series is convergent, or still less that its 
sum is equal to f(z). The following notation is commonly used: 


f(z) ~ © t pila), (287) 

k=l 
where the symbol ~ merely indicates that the infinite series on the 
right is the Fourier series for f(x). Though (287) is not an equation in 
the ordinary sense of the word, yet as we saw in [II, 148], if the »,(z) 
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form a complete system, the expression becomes a strict t equality on 


term-by-term ‘integration « of | the right-hand d side, i.e. 


Fiadr= 5af pi(z)dr (a< <r <b). 
X k=1 X 


Prior to integration, we can multiply both sides of (287) by the 
continuous function y(z), i.e. 


F ia) yla) ds = Sa f gla) (a) de. 
X kel x, 
Integration over the full interval (a, b) gives us 
co b 
(Aa) plz) dz = S'ar f pala) ylz) de. 
a k=1 a 


It may easily be verified that this expression represents the general- 
ized closure equation for the functions f(x) and y(x). 


50. The connection between functional and Hilbert space. We now 
undertake to establish the relationship, of great importance in theore- 
tical physics, between the functional space described in the previous 
section and the space H that we discussed earlier. 

Suppose we have the complete system of orthogonal, normalized 


functions 
P(T) (k =1,2,...) (288) 


in a functional space, so that equation (283) holds for any continuous 


function f(z). We take a second continuous function f,(z) and suppose 
as above that 


b — 
by = f h(a) Pla) dz 
On applying the closure formula to the difference f(x) — f(z), we get 
eo b 
> |t — b}? = § Ae) — Ala)? de. (289) 
k=1 a 


If the continuous functions f(x) and f(x) differ, the right-hand side 
is certainly greater than zero, and consequently the coefficients by 
cannot all be the same as the a,, i.e. different continuous functions 
have different sets of Fourier coefficients with respect to system (288). 
Hence every continuous function is fully characterized by its Fourier 
coefficients, the squares of the moduli of which form on summation a 
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convergent series, i.e. to every continuous function there corresponds a 
definite vector of the space H, the vectors corresponding to different con- 
tinuous functions being themselves different. Let f,(z) (n = 1,2, .--) 


be a sequence of functions with Fourier coefficients af”, i.e. 
ay = f Pr (2) fn (2) dæ. (290) 
The closure equation gives 
Šla — of = f IFE) — f (2) Paz, (291) 


whence it follows at once that the convergence of a vector with com 
ponents af? (k = 1, 2, .: .) of the space H to a vector with components 
a; is equivalent to the equation in our functional space: 


b 
lim f |f(@) — fa (2) Pdz = 0. (292) 


If we take vectors with components 
Z(@,,d,-..) and Z® (a,,...,a,,0,0,...), 


z™ in the functional space corresponds to the part of the Fourier 
series of f(x): 
n 
D aP; (T). 
k=l 
We know from [45] that 2 ->z which corresponds to the fact 
that the integral 
b n 2 
§|F(@) — Say oy (@)| dz 
a k=1 
tends to zero. 


As explained above, to every continuous function of our functional 
space there corresponds a definite vector of the space H. The converse 
statement does not hold, i.e. the vectors of the space H corresponding 
to continuous functions form only part of the space H. If we want the 
converse to be actually true, we have to consider some wider class of 
function than that of continuous functions; but this is a problem that 
we cannot dwell on here. 

We have established the correspondence between the functional space 
of continuous functions and the space H by taking a definite system of 
orthogonal functions (288) as our starting-point. If we introduce 
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instead of this the new system of orthogonal and normalized functions 
Pr (x) (k = 1, 2, see ), (293) 


the law of correspondence is naturally not the same. It can be shown 
that the vectors of space H corresponding to these latter func- 
tions must be subject to a unitary transformation. Of course system 
(293) must also be complete in this case. 

Definite Fourier coefficients with respect to system (288), or in 
other words, a definite Fourier series, correspond to every function 
Ym(x) of system (293). 

We thus have the following array: 


Pm (T) ~ X tum Pr (2). 
k=1 


The sign ~ merely shows that the function on the left corresponds 
to the Fourier series on the right. On taking into account the fact 
that the functions »,(z) are normalized, and the closure formula 
(283), we have 


In addition, the generalized closure equation holds: 


Me 


a 
Tkp Unp = f Yp (z) Pg (x) dz, 
k a 


I 
= 


which gives us, by the orthogonality of the p(x) and (294): 


Urp Ukg = oq . (295) 


M: 


k 


ll 
= 


This expression shows us that the matrix U with elements uy, satis- 
fies the condition for its columns to be normalized and orthogonal. 
We can show by making use of the results of [48] that the necessary 
and sufficient condition for the system of functions (293) to be com- 
plete is that the sum of the squares of the moduli of the elements of 
each row of matrix U be equal to unity, i.e. 


Sux P=2 (¢= 1, 2,...). (296) 
k=1 


All the above refers to the case when the functional space is 
made up of functions of a single independent variable. We can also 
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consider functions of several independent variables, defined in some 
domain of space of more than one dimension. All our discussion re- 
mains in force, the only difference being that the single integrals are 
everywhere replaced by multiple integrals over the domain in which 
our functions are defined. 

We may take as an example the system of functions 


Px (2) = = ell (k=0,4+1,+2,...) (297) 


and let the fundamental interval be (~-z, +z). Functions (297) are 
readily seen to form an orthogonal and normalized system. For, if 


DF Q: 


fe (z) Pa (x) dg = 5 f ef G—P)X dg = 


and if p =q: 


aeb- i (q—p)}x]x== — 
mg p le Eo, 


[lestypare 2 face. 


We can show by using the results obtained earlier for Fourier ex- 
pansions that system (297) is likewise complete in the interval in 
question. 


öl. Linear functional operators. It is possible to establish for 
functional space a concept corresponding to that of linear transfor- 
mation for the space H. This leads us to linear functional operators. 
Suppose we have a definite rule by which there corresponds to any 
function f(x) (with definite properties) another function F(z): 


F (2) = LÐ} (2)], (298) 


L being the symbolic notation for the correspondence rule. Here we 
have as it were a generalized concept of function. The role of argument 
is played, not by a variable number, but by a function f(z) which 
can be chosen arbitrarily from a certain class, whilst again, the value 
of the function, insteadof being anumber, is a new function F(x). Such a 
generalized functional relationship is usually described as a functional 
operator or functional. The idea of functional operator is present in a 
latent form in a number of problems of mathematical physics. We 
may take, for instance, the problem of the vibrations of a string fixed 
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at the ends. The graph of the string at a given instant ¢ is defined by 
the two graphs of the initial conditions, i.e. by the graph of the initial 
displacement and by the graph of initial velocity, so that we are evi- 
dently concerned here with a functional operation. The same type of 
situation is obtained in many other problems of mathematical physics. 
Sometimes the role of argument is played, not by the graph of an 
initial distribution, but say by the contour of the domain to which 
the problem relates. 
The operator L is said to be linear if we have 


Lif, (2) + fe(z)] = LE, (x) + LE (z)] (299) 
LD fef (w)] = cL Lf (z)], 


and 


where c is a constant. 
The condition for the transformation to be bounded is of the form 


|Z Of (x) || < AIF (z) I. (299) 


where M is a positive constant and f(x) is any function of the functional 
space. 

We shall not concern ourselves here with the general theory of 
linear operators but confine the discussion to a few special examples 
that explain the main essence of the concept; its connection with 
linear transformations of space H will also be mentioned, since we have 
established the correspondence between functional space and space H. 

In certain cases a linear functional operator may be written as 


F (2) = f K(x, 2) f(s) dt, (300) 


where K(x, y) is a given function of two variables which is usually 
known as the kernel (or nucleus) of the operator. In the present case 
the kernel is the complete analogue of the array of aj, of a linear trans- 
formation of the space H. Instead of subscripts i and k, we have here 
the two variables x and y which take a continuous sequence of values, 
and expression (300) is entirely analogous to (266). We shall investi- 
gate operators of type (300) in detail when considering integral 
equations. 

Unitary and Hermitian operators may readily be defined for f the 
present case. The linear functional operator L is said to be unitary 
if we have, for any two functions /(z) and g(x) of a given class: 


(Lf (2), Lo (x2)) = (F (2); 9 (2))- (301) 
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The Hermitian operator L is defined by 
(L, ł (2), ¢ (2)) = (f(z), L p (2)). (302) 


Let L, have the form (300), i.e. 
b 
= f K (z,t)f (t) dt 
We form the scalar products appearing in (302): 
bb Z 
(f (x), Lig (2)) = f f K (z, $) f (2) p (i) di de, 
aga 


(Lif (@), p (2) = f f K (z, fit) pE ddr. 
aa 
On changing the notation for the variables of integration in the last 
integral, we can write (302) as follows: 


(Kes [E (a, t) — K (t, z)]f (x) p (é) dtds = 0. (303) 


acae 


If the kernel of the operator satisfies the relationship 
K (x,t) =K (t, z), (304) 


condition (303) is satisfied for any choice of functions f(x) and g(x), 
and the operator L, is Hermitian in this case. On taking into account 
the arbitrariness of the above-mentioned f(x) and g(x), we can say 
that equation (304) is not only sufficient but also necessary for con- 
dition (303) to be fulfilled, i.e. for the operator L, to be Hermitian. 
If the kernel K(z, t) is a real function, condition (304) can be written as 


K (a, t) = K(t,2), (305) 


i.e. the kernel must in this case be a symmetric function of its 
arguments. 

We consider a few further examples of linear operators. We take as 
our first example the operator consisting of differentiation followed by 
multiplication by 1/7: 





Lf @) =~“ =Fr o, (306) 
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where (—z, +z) is taken as the basic interval. We form the scalar 
product for operator (306): 


(f(a), Lea) = (Feir a) = [ime waz. 


$ 





On assuming periodic functions of period 2% and integrating by 
parts, we have 


Ferre) = mrm +5 freem ar, 


a 





whence the equation follows at once: 
(fe). =e m) = Gro, pa), (307) 


i.e. (306) is an Hermitian operator with respect to the class of differen- 
tiable periodic functions. 

We select the system of functions (297) as the coordinate system 
in functional space. The function f(x) is now characterized by its 
Fourier coefficients a,, which are given by 


at, = Yau e-f (x) dz. (308) 


We shall have different Fourier coefficients a; for the function (1/i)/’(z). 
We can readily establish a linear transformation giving the ap in terms 
of the a,. This linear transformation will express the functional ope- 
rator (306) in the form of an infinite matrix; at the same time, 
it must be borne in mind that this expression for operator (306) will be 
referred to a definite choice of coordinate axes in the functional space, 
namely the coordinate functions given by (297). We have: 


a, f eli P (x) dar, 


whence, on integrating by parts and assuming f(x) periodic, we find: 
gant fojta) dz, 
y2x 


i.e. 


a, =ka, (k=0, +1, +2,...). (309) 
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This equation in fact expresses the linear transformation concerned. 
Its matrix has the form 


- 


i.e. the matrix is seen to be diagonal. The fact that the rows and 
columns of (310) are numbered from — œ to +œ instead of from 1 to 
co is a new point of no real significance. Functions (297) are numbered 
in the same manner. We remark that these functions satisfy the ob- 
vious relationship 


AL ph (a) = key (2), 


i.e. on writing L for operator (306): 
Lor (x) = kp (x). (311) 


By analogy with [37], we can call the 9,(x) the eigenfunctions of the 
operator L and the k the corresponding eigenvalues. The diagonal form 
of matrix (310) is directly bound up with the fact that the g(x) are 
the eigenfunctions of operator (306). 

We take as a second example the operator consisting of multiplica- 
tion by the independent variable: 


L, [f (x)] = xf (2). (312) 

We find the linear transformation expressing this operator in the 

space H, when we take (297) as coordinate functions in the functional 

space. Let a, be the Fourier cocfficients of f(z) as above, and a; the 
Fourier coefficients of zf(z), i.e. 

gg f oom at (a) de (m=0,-+1,...). (318) 


— 


a, = vez 
We want to find the linear transformation giving a;, in terms of am. 
To S integral (313), we find the Fourier coefficients of 

(1 IY Qn) € z 

l i(m—Wx 
Cr = or f e xdz. 


oe - 
—t 
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Integration by parts gives us, for m — k # 0: 


-k 
l emia 2V" 


“k= imk ion — k) ` 


We now find the coefficient cm: 


Q 


m= gy | 7dr =0. 


We re-write (313) as 





a. TE aj1 (a) de, 


and use the generalized closure equation (286), the Fourier coefficients 
of f(z) being given by a; and the Fourier coefficients of (1/22) e’* 
by the above expressions. We obtain for am: 


m—k 


+2 m—k 
=i SC a; (314) 
k 


the prime on the summation sign indicates that terms corresponding 
to k = m must be excluded. Expression (314) in fact gives the linear 
transformation of space H corresponding to operator (312), if (297) are 
taken as the coordinate functions in the functional space. 

In general, suppose we take as coordinate functions some complete 
system of orthogonal and normalized functions 


Pı (2), Pa (£), ... 
If H is a linear Hermitian operator, where 
Ho; (x) ~ X auPr (x), 
kad 
we have aj, = Qj. Let 


£) ~ DS Plt 
k=1 


give the Fourier series of a function y(x). For the function Hy(z), 
we have the new Fourier series 


Hy (x) ~ Scie (z), 


where it can be shown that 
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This linear transformation in fact expresses the operator H if the 
(x) are taken as coordinate functions. 

We return to the differentiation operator (306). Even if we only 
consider continuous functions, this operator cannot be applied to all of 
them, since continuous functions exist that lack a derivative for every 
value of x. The linear transformation (309) of space H corresponds to 


+ 
operator (306). If the series > | a, |? is convergent, the series 


+o p tT: 
> |a= > Bla! 
—o —so 


may conceivably be divergent. This shows that transformation (309) 
is not applicable to the whole of the space H, which is in accordance 
with what we said above. 


CHAPTER III 


THE BASIC THEORY OF GROUPS 
AND LINEAR REPRESENTATIONS 
OF GROUPS 


52. Groups of linear transformations. We consider the set of all 
unitary transformations in n-dimensional space. All these transfor- 
mations have a non-zero determinant, so that for any unitary trans- 
formation Ux which is completely characterized by its matrix 
U there is a fully defined inverse transformation U-1x which 
is also unitary [28]. Furthermore, if U,x and U,x are two 
unitary transformations, their product U,U,x is also unitary. All 
these properties of the set of all unitary transformations may be 
bricfly expressed by saying that the set of unitary transformations 
forms a group. 

A set of linear transformations with non-zero determinants in 
general forms a group if the following two conditions are fulfilled: 
firstly, the inverse of any transformation belonging to the set also belongs 
to the set, and secondly, the product in any order of two transformations 
belonging to the set also belongs to the set, the transformations multiplied 
being possibly identical. 

Bearing in mind that the product of any transformation with its 
inverse is the identity transformation, we can say that a group must 
contain the identity transformation, i.e. the unit matriz. 

Since a linear transformation is always fully defined by its matrix, 
it is immaterial whether, in the above or in what follows, we speak 
of groups of linear transformations or groups of matrices. 

Further examples may be given of groups of linear transformations. 
The set of all real orthogonal transformations may easily be seen to 
form a group. We know that real orthogonal transformations have 
determinants equal to (+1). If we take the set of real orthogonal 
transformations with (+1) determinants, we also get a group. The set 
of real orthogonal transformations with (—1) determinants do not 
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form a group, however, since the product of two matrices with (—1) 
determinants yields a matrix with a (+1) determinant. 

In particular, if we take the group of real orthogonal transformations 
in three variables, this consists of pure rotations of space about the 
origin, and of the transformations resulting from such a rotation 
together with a symmetry transformation with respect to the origin. 
Whereas if we take the group of linear orthogonal transformations 
in three variables with (+1) determinants, we get the group of 
rotations of space about the origin. 

All the groups mentioned have contained an infinite set of trans- 
formations; in particular, the group of rotations of three-dimensional 
space about the origin depends on three arbitrary real parameters, i.e. 
the Euler’s angles that we discussed above. 

We take as an example the rotation of space about the z axis by an 
angle g, the expressions for which are 


a’ = x cosp — y sin p | (1) 
y’ = xsin p + y cos g. 

If the real parameter p takes all values in the interval (0, 27), we 
obviously get a group containing an infinite set of transformations 
and depending on a single real parameter. We bring in the following 
notation for the matrix of the transformation: 


cosy, — sing! 


Z,= . (2) 











sing, Cosg 


It is immediately clear that the product of two rotations by the 
angles g, and g, yields a rotation by the angle (p) + pə): 


and similarly, 


Zale =Z 


p” ge giıtpa' 


This shows us that here all the transformations, or as we say, all the 
elements of the group commute in pairs. Such a group is termed 
Abelian. In the last example, moreover, multiplication of two elements 
amounts simply to addition of the two corresponding parameters. 

We can somewhat extend the last example by taking optical reflec- 
tion in the y axis as well as rotation of the zy plane about the origin. 
It is clearly immaterial in what order these operations are carried out, 
i.e. we can first rotate about the origin then reflect symmetrically in 
the y axis, or vice versa. Changing the order affects the result, but the 
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total set of transformations is the same in both cases. The set consists 
of real orthogonal! transformations in two variables. The matrix has 


the general form 
dcosgy, — dsi 
(»a)=] À 4 Sah (4) 
sin @, cos Q 


where g is the previous parameter and d is a number equal to +1. 
With d = 1 we get rotation of the zy plane about the origin, whilst 
with d = — 1 we get rotation followed by the reflection. The following 
rule is readily derived for multiplication of matrices (4): 


{pd {prd} = {p + dp, dd, }. (5) 

The product can now depend on the order of the factors, i.e. the 
present group is not Abelian. Similarly, the group of real orthogonal 
transformations in three-dimensional space is clearly not Abelian, 
and the same can be said even of the group of rotations of three- 
dimensional space. 

The examples so far have been of groups containing an infinite set 
of transformations (elements), the corresponding matrices having con- 
tained arbitrary real parameters. We now mention some examples of 
groups containing a finite number of elements. Let m be a given 
positive integer. We consider the set of rotations of the zy plane 
about the origin by the angles 








0,22, # 2(m—I)a 
m? merc? aT T a 
so that we have altogether m transformations, with matrices 
her . 2hr |} 
Z cos oa Ai sin —- 
a = = — 
= = ia (k=0, 1,..., m— 1). 
| sin —,  cos—— 
i m m 


These transformations clearly form a group, the elements of which 
are positive integral powers of a single transformation, i.e. 


Zaim = (Zan)" (k=0,1,..., m—1). (6) 


A finite group made up of powers of a transformation is usually 
described as cyclical. 
If we take an angle’ pọ not a multiple of x, the transformations 
(matrices) 
Zk = Zig (HK =OF1,42,...) (7) 


9 


53] GROUPS OF REGULAR POLYHEDRA 191 


clearly also form a group. But we now have a group with an infinite 
set of elements, since there is no integral power for which Ze, 
coincides with Ze, = TI. Group (7) is infinite, yet its matrices do not 
contain a continuously varying parameter. We say in this case that 
the elements in the group are enumerable, i.e. we can provide every 
element with an integral subscript, in such a way that different sub- 
scripts correspond to different elements, and every integer is the sub- 
script of an element. We cannot do this in the case of groups containing 
continuously varying parameters. 


53. Groups of regular polyhedra. Finite groups may also be formed 
by rotation of three-dimensional space about the origin. We know that 
these rotations are expressed, in a given coordinate system, by linear 
transformations of the coordinates. It must be pointed out that when 
we speak of a rotation of space about the origin, we understand simply 
the final effect of passage from the initial to the transformed position. 
How the passage is achieved is completely immaterial for our discus- 
sion. In fact, any linear transformation defines the coordinates of 
transformed points but naturally says nothing about the actual 
mechanism of the transformation, so that this latter plays no part at 
all in our arguments. 

We take a sphere with centre at the origin and unit radius. 
We inscribe a regular polyhedron in the sphere, say the octahedron 
of Fig. 2. The surface of this polyhedron 
is known to consist of eight equilateral 
triangles. We consider the set of rotations 
of three-dimensional space about the origin 
such that the octahedron is transformed 
into itself. This set may easily be seen to 
form a group which contains a finite num- 
ber of elements. Let us find the number 
of elements. We take any axis joining two 
opposite vertices of the octahedron. The 
octahedron is transformed into itself if we 
rotate the space about this axis by angles 
of 0, 2/2, x, 32/2. Rotation by the angle 
0 is evidently the identity transformation, ; 

i.e. corresponds to the unit matrix. We shall write our four rotations 
about this axis as 





So = 1, 8,, Sa, 83. (8) 
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Let A be a vertex of the octahedron on our axis. We introduce in 
the five linear transformations 


Py, To Ty, Ty Ts, 


transforming the octahedron into itself and such that A coincides with 
one of the remaining five vertices. Along with the four rotations (8) 
we compose a further 20 rotations of space about the origin as 
follows: 


TS, TS TS. T8  (k=1, 2, 3, 4, 5). (9) 


The 24 rotations (8) and (9) are easily seen to be distinct. This is 
completely obvious geometrically, whilst it can also be shown as 
follows: let 

T So = T Sa (10) 

The transformations S; correspond to rotations about an axis pass- 
ing through the vertex A, so that they do not alter the position of A. 
Transformations Tp and Tp, for different subscripts p and p,, shift A 
to different vertices, and it therefore follows from (10) that p and p; 
are the same; but now it follows from the same equation, after multi- 
plying on the left by 7>'= T3}, that q and q, are the same, i.e. (10) 
is only valid when the left and right-hand sides consist of the same 
factors. We thus have 24 distinct rotations from (8) and (9), for which 
the octahedron is displaced into itself. We now show that these are 
all the rotations having this property. Let V be a rotation transforming 
the octahedron into itself. Suppose that, with this, A is displaced to 
another vertex A;, and let T; be the transformation Tẹ which also 
shifts A to Aj. We compose the transformation Lh V. With this, the 
octahedron transforms into itself and A remains in position. The 
opposite vertex consequently also remains in position, so that the 
transformation we have composed is one of the rotations S; about the 
axis through A, ie. T71 V = S;, whence V = T;S;. In other words, 
any transformation shifting the octahedron into itself must be in- 
cluded in the 24 rotations composed above. Or finally, the group of 
rotations transforming an octahedron into itself consists of 24 elements. 

We can evidently inscribe a cube in the unit sphere such that the 
radii passing through the centres of the faces of the octahedron end 
in the vertices of the cube. It follows directly from this that the group 
of rotations is the same for a cube as for as octahedron. Suppose we 
take a new position of the octahedron, obtained from the original 
position with the aid of a rotation having the matrix U. If V is a rota- 
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tion that displaces the original octahedron into itself, UV U -1 clearly 
yields a rotation that displaces the new octahedron into itself, and 
conversely. Thus if the group of rotations of the original octahedron 
consists of matrices V, (k = 1, 2, ..., 24), the rotation group for 
the new octahedron simply consists of the similar matrices UV, U-1. 
In other words, we obtain a similar group. In general, ¢f a set of matrices 
V, forms a group, the set of similar matrices UV, U-, with any fixed 
U, also forms a group. We leave to the reader the proof, that 
easily follows directly from the definition of group. The second group 
is usually described as similar to the first. 

We now consider the tetrahedron, having four vertices and a surface 
consisting of four equilateral triangles. We take any axis joining a 
vertex A to the centre of the opposite face. The tetrahedron is trans- 
formed into itself if we rotate the space in a given direction about 
the axis by angles of 0, 27/3, 42/3. Let these rotations be So 9,, S}. 
We also introduce the three linear transformations T, Ty, Ta by 
which the tetrahedron is displaced into itself, the vertex A being 
brought to coincide with one of the three remaining vertices. In addi- 
tion to So Si, Sa we compose the nine rotations Tp So, Tk 8,, Ty S3 
(k = 1, 2, 3) which gives us altogether 12 rotations that are distinct 
and that represent all the rotations transforming the tetrahedron 
into itself. 

We now take the icosahedron whose surface consists of twenty 
equilateral triangles and whose vertices are twelve in number. As 
above, we take any axis joining a vertex A to the opposite vertex. 
The icosahedron is displaced into itself by rotating the space by angles 
of 2kx/5 (k = 0, 1, 2, 3, 4). Let these rotations be Są. We have further 
eleven rotations T, (i = 1, 2, ..., 11) for which the vertex A becomes 
one of the remaining vertices and the icosahedron is displaced into 
itself. The total group of rotations transforming the icosahedron into 
itself consists of the five rotations S, and 55 rotations T, Są. Thus 
the group contains altogether 60 rotations. The same group is obtained 
for a dodecahedron, with twenty vertices and twelve regular pentagonal 
faces. This can be seen by arranging the dodecahedron with respect 
to the icosahedron in a similar manner to that used above for arranging 
a cube with respect to an octahedron. 

We consider one further group of rotations of three-dimensional 
space. Suppose we have a regular n-sided polygon in the zy plane, 
with its centre at the origin. We take an axis joining a vertex A to 
the opposite vertex (if n is even), or to the middle of the opposite 
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side {if n is odd). The polygon is displaced into itself by rotation 
about the axis by angles of 0 and x. The first rotation is the identity 
transformation J, whilst we write S for the second. 

In addition, the rotations T, about the z axis by angles of 2kx/n 
(k = 1, 2, ..., n — 1) displace the vertex A to another vertex and 
transform the polygon into itself. We have the identity transforma- 
tion T, = I with k = 0. The total group of transformations displacing 
the polygon into itself contains the following 2n elements: Tę and 
Tk S (k=0,1,2,...,n — 1). 

The above n-sided polygon, whose surface is taken twice (top and 
bottom), is usually termed a dihedron, the corresponding group being 
the dihedral group. 


54. Lorentz transformations. All the above examples of groups of 
linear transformations have consisted of unitary transformations or 
of rotations of three-dimensional space (a particular case of unitary 
transformation). We now investigate a new group of linear trans- 
formations where the elements are not unitary. This group has an 
important role in relativity, electrodynamics and relativistic quantum 
mechanics. 

We take four variables 2, 2%, Ty, £4, the first three being the spatial 
coordinates of a point and the last being time. The fundamental 
requirement of the special theory of relativity for the invariance of 
a certain definite velocity c (the speed of light) in the case of relative 
motion leads to the following problem: for what linear transforma- 
tions of the above four variables is the expression 


af + a} tag etah 


invariant? To be more explicit, we want to find the linear trans- 
formations giving the new variables zp in terms of the original zp 
such that we have the identity 


ai? a fat a — ah + ah + af A. 


We first take the case when the coordinates z, and z, remain 
unchanged, so that 2, and z, are the only variables in the linear 
transformation. We thus have to find the transformations 


+ t 
Dy = QT + laty Ly = Ayat T gaty (11) 
such that 
r — a? = xt — org. (12) 
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We replace z, by a new pure imaginary variable given by 
Yı = icta. 


The required linear transformations must have the form 


t 1 
y= Aut + hY Y1 = AZ + Apo}, (13) 
where 
a,=a,; a, =t; a, = ica; = 4, 
u= iu Q = GE Far 5 Uly; Aan = ly 


whilst condition (12) may be re-written as 
zP tyt= at yi. (14) 


The coefficients a,, and a» must be real, and a,, and a, pure imaginary. 
We therefore write a, = if and a, = if}. Condition (14) is evi- 
dently equivalent to requiring orthogonality of transformations (13), 
and we can write that the sum of the squares of the elements of each 
row and column must be equal to unity. It is easily verified that this 
gives us By = fn = a, —1=a,.—1 and a, = Oy. Let ag =a 
and §,, = af. We shall take a,, and a, positive, which corresponds 
to invariance of the direction of measuring x, and z,. Thus instead 
of (13), we have by the above relationships: 


x; = az, + tapy Yi =a 1%, + ay. 
The condition for orthogonality of rows, 





adz; F ia?ß = 0, 
gives us a = —ia, i.e. fip and £,, must have opposite signs. Finally 
the condition 
ai + af, = 1 
gives us 
1 
a? — a?f2 — I, a = -= (8 <1), 
p m OD 
and we arrive at the following expressions: 
1 Utiby, at BATH 


Tı = 


fae? ee 


or, on again returning from y; = icz; to the original ,: 


= £ zı +t; 


yi- # 


x, — Bea, | , 


, 
v = — = 
ro yep" OF 
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It follows directly from these equations that the coordinate system 
corresponding to the primed variables moves with respect to the 
original coordinate system with a velocity 

v= Be (16) 
in the direction of the x, axis. For if we take zi constant, we get 


; dr 
dx, — cdr, = 0, ie. T. = fe. 


On replacing $ by the velocity v in accordance with (16), a, by 
x, and x, by tł, we get the usual form of the Lorentz transformation 
in two variables: 


n 
% —a oft 
ee ee en en (17) 


aid v 
-3 Pm 


In the limit as c— o0, we get the ordinary expressions for relative 
motion in classical mechanics: 





x =gr— vi; vst. 


The Lorentz transformations (17), depending on the single real 
parameter v, may easily be seen to form a group. On solving equations 
(17) with respect to z and t, we obtain the inverse transformation to 
(17). This is the Lorentz transformation obtained by replacing v by 
(— v) in (17). For we have by solving (17): 


(a = a)z =} — 2’ — w’); (1 -5 =} — 4 (ee +e), 


whence it follows that 





v 
— 7’ r 
e Fed 


= =; l = c. 
K v? | v? 
=y ya-$ 


We now consider the Lorentz transformations L, and L, correspond- 
ing to the parametric values v = v, and v = v. We form their product 
L, L, and show that this is also a Lorentz transformation. We have 
to form the product of two matrices: 









































| 1 _ _ Bre | 1 _ _ Be } 

Y-A’ N-A N-A’ YVR | 
LA Ê I 

l c s 1 | — c I | 
| O-B i= a | | n-A n-A | 
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where 
D, v. 
A= b= 


The usual multiplication rules give us the following matrix product 


1 _ Bie + Bye 
: 1+6,B 
a | fP k PE || (18) 
N-AN-A | cte 1 
1+ BB,’ 
We introduce the new quantity 
og = te (19) 
1 +t 
g 


We can easily verify the identity 


Vi Vz 
l+- 


tt et 5 ee 
(yt = 
yi 4-4 J: o 


as a result of which matrix (18) can be written as follows: 








1 Bye 
n-A’ Y-A | 
Bs | (=), 





c 1 
-FA a 


i 





i.e. it in fact corresponds to the Lorentz transformation for v = v. 
Expression (19) thus gives the rule for adding velocities in the special 
theory of relativity. If we set v, = c in (19), it may readily be seen that 
we also get v, = c for the resultant velocity, i.e. the velocity c is in 
fact unchanged when two motions are superimposed. 

When deriving (15), we fixed the signs of the coefficients of linear 
transformation (11) in a definite manner, i.e. we assumed a,, and 
@,4, positive. An alternative requirement is positiveness of the coef- 
ficient a,, and of the determinant 


41 Bq, — aig Gar- (20) 


Positiveness of a is easily seen to follow as a consequence of 
this, and vice versa. For the determinant of transformation (17) is 
equal to (+1), i.e. with a > 0, (20) is also positive. If we were to 
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take ayu = —a and a4, = a, where a > 0, we should have a trans- 
formation with a (—1) determinant. The condition that a,, is positive 
is equivalent to the fact that we have z4 —> œ with fixed 2, and 
zı —> œ. This can be said to correspond to invariance in the direction 
for measuring time. Thus the formulae do not give all the linear 
transformations satisfying condition (12), but only those for which 
determinant (20) is positive and which do not vary the direction for 
measuring time. 

We now return to the general Lorentz transformation for four vari- 
ables z; (k = 1, 2, 3, 4), where we must satisfy the condition 


wy? + ao? + oy? — er xe + od + 2 — c?2 a. (21) 


We shall take z, (k = 1, 2, a and a (k = 1, 2, 3) as Cartesian 
coordinates in two different three-dimensional spaces R and R’. 
We show that, by suitable choice of coordinate axes in the two spaces, 
the general Lorentz transformation can be reduced to the particular 
case discussed above. Let T' denote the general and S the particular 
Lorentz transformation. Our assertion is equivalent to the fact 
that we can write T as 

T =VSsu, (22) 


where U and V are real orthogonal transformations corresponding to 
the above-mentioned coordinate transformations in spaces R and R’. 
We bring in four new variables as above: 


Yı = T1; Yo = T3; Yz = Ta; Ya = UE, 
and similarly 
Yi = Ti; Yz = T3; Yz = T3; Ya = Ucr,- 


We obtain for the new variables, instead of (21), the ordinary condi- 
tion for an orthogonal transformation: 


y Hyr HyS HYS HAHAHA. (23) 
The required linear transformation will be of the form 
Yk = Ug Yı T TY + Ys T Mays (k = 1, 2, 3, 4)- (24) 


Observing that y, and y4 must be pure imaginary, we can say that 
coefficients apl, Ox2, Akg, With k = 1, 2, 3, and also a,, must be real, 
whilst ai Gi» G43 and ap, with k = 1, 2, 3 must be pure imaginary. 
A change of coordinate axes in the space R’ is equivalent to a real 
orthogonal transformation on the variables yj, y2, y3- We consider 
the coefficients 

Qia = ifia; Qog = ioa; so = iPas. 
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The real numbers ĝis Bos, Bs, define a: certain vector; if we take 
the direction of this as the new first axis in the space R’, the coef- 
ficients a,, and a,, vanish as a result of the corresponding orthogonal 
transformation. To see this, we only need to notice that by (24), an 
orthogonal transformation on the variables y3, y2, ys amounts to the 
same transformation on f,,, Bos, 834. We shall, therefore, suppose that 
this coordinate transformation in the space R’ has already been car- 
ried out, so that we have a,, = a,, = 0. Condition (23) shows that 
the coefficients of transformation (24) must satisfy the ordinary 
conditions for an orthogonal transformation. On recalling that the 
coefficients mentioned vanish, consideration of the second and third 
rows gives us the following conditions: 


ag, + aj, + ak =l, (k= 2,3) 
a21 031 T Faz Aaz F Ang Cas = O, 


where all the coefficients present are real. By the conditions written, 
the vectors with components (dy, G22, €33) and (da, G9, Gg) are mutually 
orthogonal and of unit length. If we choose these two as fundamental 
vectors in the space R, directed along the x, and 2, axes, the two 
sums 
Oy Yr + Aye Yo + GY (k= 2,3), 
expressing the scalar products of the two vectors with the variable 
vector (Yı Yo, Ys), reduce simply to the forms y, and yz, i.e. with this 
choice of coordinate axes we have: 
Og = Q33 = l; Qy = yg = Agi Ogg = Ô. 
With the axes chosen in the two spaces, the matrix of transformation 

(24) takes the form 

| Qir Qiz Arg, Oja | 

i0, 1, 0, 0 |i 

hO, 0, 1, 0 


Hi 
H 
1, 
1i 


p (25) 


ji 





C415 Aaz G43» Qaa |i 


This matrix has been obtained as a result of multiplying the original 
matrix by two orthogonal transformations of only the first three varia- 
bles, though they can evidently be looked on as transformations of 
the four variables, the fourth variable being kept constant. Since 
the product of two orthogonal transformations must also be or- 
thogonal, we can say that the elements of (25) also satisfy the 


200 THE BASIC THEORY OF GROUPS AND LINEAR REPRESENTATIONS OF Groups [54 


orthogonality condition. On writing down this condition for the first 
row with respect to the second and third, we get 


Qh, = a3= 0, 
and similarly, for the fourth row with respect to the second and third: 
a= 2g. = 0. 


We thus arrive at the following matrix: 





1,0, 0, ayy 
0, 1,0,0 
0, 0,1,0 





Ag, 0, 0, a44 | 
i.e. we have in this case the linear transformation 


Yi = tY + yg Ya 
Ys = la Y1 + Oy Ya 
which has to satisfy the condition 


yè +y =y +y. 


We dealt with this transformation above; it led us to the special 
Lorentz transformation (15), and (22) can thus be taken as proved. 
We just notice that the sign rule is the same in defining transformation 
5 as previously, if the general Lorentz transformation T is required 
not to change the direction for measuring time and also to have a 
determinant greater than zero. We can always regard the orthogonal 
transformations U and V as rotations of three-dimensional space, 
so that their determinant will be greater than zero; at the same time, 
they in no way affect the fourth variable. We can thus conclude 
that transformation S must also have a determinant greater than 
zero, whilst it must not affect the measurement of time, i.e. given our 
assumption regarding the general transformation T, we arrive at 
precisely the conditions for the special transformation under which 
our formulae were derived. The general transformation satisfying the 
two conditions postulated above is usually termed a positive Lorentz 
transformation. It follows from the above discussion that the matrices 
corresponding to these are given by (22), where S is the particular 
Lorentz transformation of type (15) and U and V are the matrices 
of rotations of threc-dimensional space. Positive Lorentz trans- 
formations, like transformations (15), can be shown to form a group. 
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The above arguments show that the matrix of the most general 
Lorentz transformation, defined only by condition (21), can be writ- 
ten in the form (22), where U and V are rotations and S is the general 
Lorentz transformation in two variables. If this is a positive trans- 
formation, it follows at once from (15) that D(S) = 1, and the deter- 
minant of every positive Lorentz transformation is also equal to 
unity, inasmuch as the determinants of U and V are unity, matrices 
U, S, and V being considered as of the fourth order. As may easily 
be seen, the determinant can be equal to (+1) in the general case of 
a second order Lorentz transformation, so that the general trans- 
formation will likewise have a determinant of (1). 


55. Permutations. We have so far considered examples of groups 
whose elements are linear transformations. There is no essential 
connection between the group concept and linear transformations, 
and we can construct groups for other types of operation. Our next 
discussion concerns permutations, representing a type of operation 
that we have already encountered in [2]. We must first mention some 
basic facts and concepts in regard to permutations. 

Suppose we have n objects, which we enumerate as in [2], i.e. we 
can simply suppose that the objects are the integers 1,2, ... n. 
As we know, n! permutations are possible of these numbers. We 
take one such permutation: 


Py P2--->Pn- (26) 
This set of p, yields all the numbers from 1 to n, arranged in a definite 


order in accordance with (26). We compare permutation (26) with 
the basic permutation 1, 2, ..., n: 


i er 
Pis Par -+ -> Pn 


The passage from the basic permutation to (26) is accomplished 
by replacing 1 by p,, 2 by p,, and so on. We denote this operation by 
the single letter P and refer to it in future as a permutation. We 
now define the inverse permutation P-!. This is the operation such 
that (26) becomes the basic permutation, i.e. p, is replaced by 1, 
p, by 2, and so on. We can explain this by means of an example: 
suppose n = 5 and we have the permutation 


1, 2,3, 4,5 
|(). 
3, 2,5,1,4 


| (P). (27) 
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The inverse permutation will be 


bi 2, 3, 4, (P-3). 
4, 2,1,5,3 
It is easily seen that 
(Pat = P. (28) 


We now introduce the product of permutations. Let P, and P, be 
any two permutations. Their product P, P, is defined as the result 
of carrying out first the permutation P, and then P,. For instance, 
if we have the two permutations 


1,2,83,45) 5 a [PIES] p) 
eel en ERA a” 


their product P, P, gives the permutation 


i 2,3,4,5 


P,P). 
meee 2?) 


Obviously, the inverse permutation P-! is fully defined by the 
condition 
Po SPP ST, (29) 


where Z denotes the identity permutation, in which each element is 
replaced by itself. 

We can define the product of any number of permutations by apply- 
ing them successively. A product evidently satisfies the law of associa- 
tion, e.g. 

P; (P, P1) = (P3 P2) P,- (30) 


For we can either first form the product of P, with P,, then form 
the product of this with P} or else we can replace the successive 
application of P, and P, by the application of the single permutation 
(P; P) whichis equivalent to P, and P} applied successively. We finally 
notice that the identity permutation clearly satisfies 


IP =PI =P, (31) 


where P is any permutation. Products of permutations do not in 
general satisfy the commutative law, i.e. the permutations P, P, and 
P, P, are in general different. We suggest that this be verified for 
the above example. 

We have thus established the basic ideas of inverse and identity 
permutations and products exactly as was done previously for linear 
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transformations (matrices). We can now continue the analogy and 
establish the further concept of group. A set of permutations forms a 
group if the following two conditions are fulfilled: firstly, if a per- 
mutation belongs to our set, its inverse also belongs to the set, and 
secondly, the product in any order of two permutations belonging 
to the set also belongs to the set. As in the case of linear transforma- 
tions, the identity permutation necessarily belongs to the set. 

The set of all n! permutations clearly forms agroup. We now establish 
the existence of another group consisting only of part of the above. 
We observe for this that any permutation can be obtained with the 
aid of transpositions [2], different numbers of these being possible 
for a given permutation though the number is always even or always 
odd. The permutations resulting from an even number of transposi- 
tions themselves form a group. The group formed by all the per- 
mutations is usually termed symmetric, whilst the even permutations, 
i.e. those resulting from an even number of transpositions, form an 
alternating group. 

We now consider permutations of a special type. Let L, l» ..-,ln 
be any m different integers from the integers up to n. Suppose our per- 
mutation consists in replacing 4 by l, 1, by lp ...,lm-y by Im, and 
finally, lm by h4. A permutation of this type is called a cycle and 
written (h, l» ...,lm). Cyclic permutations of the numbers inside the 
brackets give us the cycles 


(22, Is, HASI lm L) (lz, ly, KEI lm l» L), cee 


which evidently yield the same permutation as (Q, ls ...,m). If 
m = 1, ie. we have the cycle (l), the cycle is clearly equivalent to 
the identity permutation, and there is no point in considering it. 
A cycle of two numbers (L, l) is obviously equivalent to transposition 
of the elements J, and ,. 

If we have two cycles with no common elements, their product is 
independent of the order of the factors. 

Suppose say n = 5, and we take the product of the two cycles with 
no common elements, 


(1, 3) (2, 4,5) and (2, 4, 5) (1, 3). 
Both these products clearly yield the same permutation 


il, 2,3,4,5 
3,4,1,5,2 
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We can represent any permutation P as a product of cycles having 
no common elements. To do this, we take the element 1 as the first 
element in a cycle. We take as the second element that which is ob- 
tained from 1 with the aid of P. Let this be 4}. We take as the third 
element that which is obtained from 1, with the aid of P, and so on, 
until finally we arrive at the element which becomes 1 with the aid 
of P. This will be the last element of the first cycle. It may easily 
be seen that this cycle cannot contain identical elements. The cycle 
thus composed does not in general exhaust all n elements. We take 
any one of the remaining elements—aa first element of a new cycle 
and form this as above, and so on. i 

We take as an example the permutation with n = 6: 


1, 2, 3,4,5,6 
18, 6, 4,1, 2,5). 


By using the above method, we can write this as the product of 
the cycles 
1, 2, 3, 4, 5,6 
3, 6, 4,1, 2,5 
the order of the factors on the right being of no consequence. 

The product of two transpositions is readily expressible as a product 
of third degree cycles. If the second degree cycles (transpositions) 
have no common elements, it may easily be shown that 


(Is, l) (L l) = (4, lh, lą) (l l» l), 


whereas with common elements: 
(L, Is) (li l) = (h lz, la) . 


Thus every permutation of an alternating group can be written 
as a product of third degree cycles. 

We also note that the numbers in the first row of a permutation can 
be written in any order. The only thing that matters is that each 
of theso should have below it the number which it becomes as a result 
of the given permutation. For instance, the following are forms of 
the same permutation: 


k 2,3,4, | _ ik 1,5,4, ; 


| = (1, 3, 4,) (2, 6, 5), 





3, 2,5,1,4 5,3, 4,1,2 


Given the permutation 
P= Qi, Aas +--+, On 
by bz, = -> bn 


3 
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we can obviously write the inverse permutation as 


By, be, ---; a 


aj; az, meee: Bp: 


Pas 





Suppose we have two permutations, the second being written in 
two ways: 


P=(> 2, +--+,” "|; @ =(3 3 $ “|= aie 
by, Cz, egra l diis da v fo -uf 
We have 
PQ- =|" 2, alin das <--> on) = (% dz, ie 
(Cis Cos -- +5 Cn! \ ly 2, ---, 2 Cy, Cy, +++, 
and consequently 
QPQ1= C1; Go, ya ] i dz, A | da — dis do, e... *)- 
(Gl) tie eke Mitek 





The following rule follows from this equation: to obtain the permuta- 

tion QPQ-1, carry out the permutation Q in both rows of 
P= |’ 2, aoe a 
Cis êz -c3 Öh 

56. Abstract groups. When defining a group, we can completely 
disregard the concrete interpretation of the operations, the set of 
which forms the group, and which we have previously taken to be 
linear transformations or permutations. We arrive in this way at an 
absiract group. 

An abstract group is a set of symbols for which multiplication is 
defined, in the sense that there is a definite rule by which two elements 
P and Q (the same or different) of the set yield a third element, also 
belonging to the set, which is called their product and written QP. 
The following three conditions must be fulfilled here. 

1. Multiplication must obey the associative law, i.e. (RQ)P = R(QP), 
whence it follows that, in general, any number of factors in a product 
can be grouped together, without, of course, changing their order. 

2. There must be one and only one element E in our set which, when 
multiplied on either side by any other element, yields the same element 
i.e. 

EP = PE =P. (32) 

We shall call E the identity or unit element. 
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3. For any element P of the set, there exists a further unique element 
Q of the set which satisfies the condition 
Q@P=PQ=H (Q=P-)). (38) 


With P = E, (32) gives HE = E, i.e. the inverse of E is E by defini- 
tion of inverse element (H-1 = E). 

These conditions defining an abstract group can be put in a more 
compact form with more restricted requirements in which case the 
restricted requirements imply the remainder as necessary formal 
consequences; we shall not dwell on this, however. On the whole we 
shall confine ourselves to the elementary basic facts regarding abstract 
groups. A detailed treatment of the theory of groups provides enough 
material to fill a separate volume. Our aim is simply to familiarize the 
reader with basic concepts and facilitate his reading of the literature 
of physics, where the group concept and the fundamental properties 
of groups are frequently utilized. Below, we shall occasionally write I 
instead of E. The element Q defined by equations (33) is called the 
inverse of P and is written P-!. Equation (28) is clearly valid, since it 
follows from (33) that P is the inverse of Q. 

Having established the concept of abstract group, we explain next 
some fresh concepts and also prove some properties of abstract 
groups. We first of all notice that the number of elements in a group 
can be either finite or infinite, as we saw above. Suppose we take the 
product of elements of a group 

ROP. 

This is also an element of the group. The inverse is obtained exactly 

as in the linear transformation group, i.e. it is 


(RQP) = PQR. 


Tbis is easily seen by carrying out the multiplication and using 
the associative law. Given an element P of the group, its positive 
integral powers 

PS Ph Pees 
are likewise elements of the group. If there exists a positive integer 
m such that P™ = I, the element is said to be of finite order, the 
order of an element being the least positive number m for which 
Pm = Į. There can be no identical elements among 

LEF pahna, 


For it follows at once from the condition P* = P' (k < 1) that P = 
= I. All the elements of a finite group are clearly of finite order. 
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Let us write P, for elements of the group. If the group is finite, a 
can be assumed to take a finite number of positive integral values. 
If the group is infinite, it can take all integral values [52], it can 
vary continuously, or it can even be equivalent to several subscripts 
which vary continuously. Let U be a fixed element of the group. 
We form all the possible products UP,. We can easily show that, as 
the subscript a varies, the product again gives us all the elements 
of the group, without repetition. 

For on multiplying on the left by U-1, the equation 


UP,, = UP,, 


gives us at once Pa, = Pay i.e. the products UP, must be different for 
different a. To show that the product can become any element of 
the group, we take UP, = Pa, which is eqivalent to Pa = U ~! Pay 
i.e. UP, in fact gives us the element P,, when the factor P, is equal 
to the element U-1 P,, of the group. We should have the same result 
if the fixed element U were written on the right instead of the left. 
We thus arrive at the following: if P, varies over all the elements of the 
group and U is a fixed element, the product UP, (or Pa U) likewise 
varies over all the elements, without repetition. 

We take as a particular example the group consisting of six elements 
(a sixth order group), the elements being denoted by 


E, A, B, C, D, F. 


We define the multiplication rule with the aid of the following 
table: 


| HABCDF 
BE|EABCODF 
4|AEDFBC 
B\BFEDCA (34) 
C|CDFEAB 
D|DCABFE 
F|FBCAED 


The table must be used as follows. Suppose we want to find the 
product DB, we look for B in the first row and D in the first column 
then find A at the intersection of the corresponding column and 
row, so that the product DB is A. All the conditions laid down in the 
definition of abstract group may readily be seen to be satisfied here, 
the role of the identity element being played by E. 
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We have met with concrete interpretations of the abstract group 
concept in previous examples. In one case the role of element was 
played by linear transformations (their matrices) and multiplication 
of two elements amounted to successive application of two transforma- 
tions, i.e. to multiplication of the corresponding matrices. In another 
case permutations played the part of elements and multiplication of 
two elements amounted to successively carrying out two permutations. 
We shall now mention a further concrete interpretation of the ele- 
‘ments of a group. 

Let the elements be all the complex numbers and let multiplication 
of two elements amount to addition of the corresponding complex 
numbers. In this case the role of identity element is played by zero, 
whilst the inverse element to the complex number a is (—a). Instead 
of the complex numbers, we could have taken as elements all the vectors 
X(2, Tz, .--, Zn) Of complex n-dimensional space R, and defined the 
multiplication of elements as addition of the corresponding vectors. 
Here the null vector plays the part of identity element. We can say 
alternatively that the group elements are the vectors of R, whilst 
the group operation is vector addition. We notice that in the last 
two examples the result of multiplying two elements of the group is 
independent of the order of the factors, i.e. as we say, any two elements 
of the group commute. A group of this type is called Abelian [cf. 
45]. The simplest example of Abelian group is the cyclic group which 
consists of the identity element E and powers of an element P. If 
m is the least positive integer for which P” = E, the cyclic group 
has m elements: E, P, P?, ...,P™~?. If there is no such positive 
integer m, the cyclic group is infinite: Ẹ, P, P*, ... 


57. Subgroups. Suppose a set H of only part of the elements of a 
given group G likewise forms a group, the above definition of multiplica- 
tion being preserved. In this case the group H is said to be a sub- 
group of G. The set consisting simply of the identity (unit) element 
of G clearly always forms a subgroup. This is a trivial case that we 
shall overlook when speaking in future of subgroups. 

We write H, for elements of the subgroup H, and let G, be a given 
clement, not belonging to H, of the total group G. As seen above, the 
products G, H, give various elements of G; these elements do not 
belong to H, since otherwise we should have for certain values a, 
and a, of the subscript a: G) Ha, = H,,, whence G, = H,, 1: ian i.e. 
G, must belong to H, which contradicts our assumption. Now let G, 
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and G, be two different elements of G not belonging to the subgroup H. 
We show that the sets of elements G, Ha and G, H, either have no 
common elements at all or else coincide, i.e. consist of the same ele- 
ments. For suppose we have G, Ha, = G, Ha, for certain values of a; 
it follows that G, = G, Ha H-., = Gi Hap ie. G, belongs to the set 
of elements G, Ha, and similarly G, belongs to the set of G, Ha. 
Hence the products G, H, and G, Ha define the same set of elements. 

We take all the elements H, of the subgroup H. These do not exhaust 
the elements of G. We take some element G, not belonging to H and 
form all the products G, H, which, as we have seen, all differ from 
each other and from the H.. 

It can happen that the H, and G, H, do not exhaust the whole 
group. We take an element G, not belonging to the H, or G,H, 
and form all the products G,H,. As we have seen, the elements 
G, H, all differ from each other and from the H, and G, H,. Ifthe 
elements H., G, H, and G, H, do not exhaust G, we take an element 
G, not belonging to any of the above three sets and form the products 
G, H.. Hence we get further elements of the group, and so on. Suppose 
we exhaust the elements of G by means of a finite number of such 
operations. Let (m — 1) elements G, be required for this. All the ele- 
ments of G are now represented as follows: 


H,, G H, G, H,, eae: Gm- Aas (35) 


where the subscript a varies over values corresponding to the sub- 
group H. If we set Gk = G, Hapı where a, is fixed in some manner, 
the set of elements Gj, Ha will coincide, as shown above, with the set 
Gr Ha. In other words, in every set Gy H, (G, = J) any element 
of the set can play the role of G,. Hence it follows at once that, for any 
given subgroup H., the division of the elements of group G into sets 
of type (35) is fully defined. The G, H, are called cosets with respect 
to the subgroup Ha. 

In the case of (35), H is said to be a subgroup of finite indez, and 
is in fact a subgroup of index m. If G is a finite group, the index of 
the subgroup H is clearly equal to the quotient of the order of G and 
the order of H, the order of a finite group being defined as the number 
of elements contained in it. We notice that only the first of sets (35) 
forms a subgroup. The remaining sets Gk Ha do not contain the 
identity element and therefore cannot form a subgroup. 

We formed scheme (35) by multiplying the elements H, of the 
subgroup H on the left by elements G, of group G. We could multiply 
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on the right; changing the notation from Gy to Gj, we arrive at the 
following new representation of the elements of G: 


H,, HG, HG, ---, Hy Gps (36) 


where it will be shown that the index m of the subgroup remains 
unchanged. The sets of elements G,H, are sometimes called left 
cosets whilst the H, Gj, are right cosets. 

We first of all observe that, if a varies over all the values corre- 
sponding to the subgroup H, the elements Hz" give all the elements 
of H. This follows directly from the fact that the inverse of a given ele- 
ment of H also belongs to H. We now turn to the proof that the indices 
for right and left cosets are the same. We take any two different 
sets Gp Ha and G, Ha (p # q) of (35), where we can suppose for the 
first of sets (35) that say G, = E. We take the inverse elements: 


(G, HA? = Hy’ G) and (GH)! = H7 Gr’. 
Bearing in mind the remarks made above, we can re-write these sets 


of elements as H, G;* and H, G7?. They are easily seen to have no 
common elements. For suppose we had 


Haa =4,,G7", 
it would follow that 
G G= Ha HaHa or G,=G,H,,, 
and G, would belong to the set Gp Ha, which is impossible. Hence 
the sets 
B, H.G’, BGs ca otc, Onti 

are seen to be right cosets, so that we can simply take G; = G,! 
in (36). 

We consider some examples of subgroups. Let G be the set of real 
orthogonal transformations in three variables and H the set of real 
orthogonal transformations in three variables with (+1) determinant. 
Every real orthogonal transformation is either a rotation, i.e. belongs 


to H, or is the product of a rotation and the symmetric reflection 
relative to the origin given by 


x =— z; yY =—y; 2=—2z. (8) (37) 
The present group G can be represented by the scheme 


H,, SH, (38) 
or 
Hy H,8, (39) 
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where H, denotes the set of all elements of the group H. Here, H, 
is a subgroup of index 2 

Let G be the symmetric group of permutations of n elements, and 
H the alternating group made up of even permutations. Further, 
let S be any given odd permutation, say the permutation consisting 
of the single cycle (1, 2), i.e. amounting to transposition of the ele- 
ments | and 2. It is clear that here also we can represent G by scheme 
(38) or (39). In both cases, multiplication on the left leads to the same 
result as multiplication on the right. 

Here, the alternating group is a subgroup of index two of the 
symmetric group. 

We also consider the finite group of the regular octahedron that 
we discussed above. Let l be the axis passing through a given vertex 
A of the octahedron. Let S, Sı S,, S be the rotations about this 
axis by angles 0, 2/2, x, and 32/2. These rotations form a subgroup 
of the total group of rotations of the octahedron. Let 7, denote 
the rotations displacing A to the remaining five vertices (k = I, 2, 
3, 4, 5). We can write the complete octahedral group as 

So TiSo T,8,, T38,, TiSo Ts Sa 
i.e. Sa is a subgroup of index six. 

Let G, G-} be elements of group G (s = 1, 2, ..., k). We consider 
the set of all elements of G expressible as products of G,, G71 (s = 
=1,2, ..-, k). 

This set clearly forms a group which is a subgroup of G or else 
coincides with G. 


This subgroup is said to be generated by the given set of elements 
Gs, Gz (s = 1, 2, ..- k). 


58. Classes and normal subgroups. Let U and V be elements of a 
group. The element W = VUV~— is said to be conjugate to U. It is 
easily seen that, conversely, U is conjugate to W. For U = V- WF. 
Two elements U, and U,, conjugate to a third element W: 


U =V, WV; U,=V,WVz}, 
are also conjugate to each other: 
Uz = Va Vit U, (V2, VTN- 


The set of all mutually conjugate elements of a group forms what 
is known as a class of the group. A class is fully defined by one of its 
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elements U. For, given U, we get the entire class by the expression 
G, UGz', where G, varies over all the elements of the group. We can 
thus divide the total group into classes. Bearing in mind the basic 
property of the identity element, given in [56], we have 


G, 1G =I, 


i.e. the identity clement itself forms a class. 

If the element U is of order m, i.e. m is the least positive integer 
for which U™ = I, every conjugate element G, UG-4 has the same 
order m, as follows at once from the equations 


(G,U0Gz3)" = G4, U" G7 =I. 


In other words, all elements of the same class have the same order. 

We remark that when G, runs over all the elements of group G, 
the product G, UGz* can give the elements of the class more than 
once. For instance, if U = I, the product always gives J, as we 
have seen. 

We again take as an example the octahedral rotation group. Let 
U be the rotation by z/2 about an axis 4,A, of the octahedron. If 
the rotation Tx, belonging to the group, transforms the axis / to the axis 
l, the vertex A, being transformed to A, and A, to As, the group 
element T, UT;! yields a rotation by 2/2 about the axis A, As. If, 
for instance, T, transforms A, to Ag, the product here yields a rotation 
by 2/2 about the axis A,A, or, in other words, a rotation by 37/2 
about A,A,. If T, transforms A,A, into itself, i.e. if the rotation is 
about this axis, the product T,UTọ' coincides with U. Thus in the 
present case, the class of elements conjugate to U consists of the set 
of rotations by 7/2 about axes of the octahedron. 

Similarly, taking the group of rotations of three-dimensional space 
about the origin, we know that every group element U consists of 
a rotation by some angle p about a certain axis. Here the class of 
elements conjugate to U is the set of rotations by the angle g about 
all the possible axes passing through the origin. 

We now discuss another important concept, that of a normal sub- 
group; this is closely connected with the idea of class. Let H be a 
subgroup of a group G, and G, a fixed element of G. We consider the 
set of group clements given by 


G, H, Gy", (40) 


where H, denotes a variable element of the subgroup H, in other 
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words, H, runs over all the elements of H. Products (40) may easily 
be seen also to form a subgroup. For if we take say the product of 
two elements belonging to the set (40), it also belongs to this set: 


(G Ha Gr’) (Gi Ha Gz?) = G,H,, Ha GT? = Gy Gas Gz, 


and the other conditions for group formation are similarly fulfilled. 
Subgroup (40) is said to be conjugate to subgroup H; if G, belongs 
to H, (40) also consists of elements belonging to H, and as is easily 
seen, simply coincides with H. 
Every element H,, of subgroup H can in this case be obtained 
from (40), if we take 
A, = Gr Hn G,. 


If the element G, does not belong to subgroup H, subgroup (40) 
can be different from H. 

Subgroup Z is called a normal subgroup of the total group G if, 
for any choice of element G, of the total group G, subgroup (40) 
coincides with H. We now discuss some new concepts connected with 
normal subgroups, examples of which will be given later. 

Let subgroup H be a normal subgroup of the total group G. We 
shall simplify the writing by assuming this subgroup to have a finite 
index m. In this case, all elements of group G can be represented by 


H,, G,H,, G,Hy, -.-, Gms Ha, (41) 


where, as usual, H, is a variable element of H. Since H is a normal 
subgroup, the set of elements G, Ha Gg’ coincides with the set of 
elements H,, i.e. the set of elements Gy H, is the same as the set 
of elements Ha Gp. 

Hence, if H is a normal subgroup, the division of the group elements 
into conjugate sets in accordance with (41) is the same as the division 
into conjugate sets according to the scheme 


H, H,G, AG 3 FG (42) 


In other words, in this case right cosets are the same as left cosets. 

Given any element H,, of the normal subgroup, the element 
G, Ha, Go", for any choice of G, from G, also belongs to the normal 
subgroup, i.e. if an element belongs to the normal subgroup, the entire 
class in which the element appears in the basic group also belongs 
to the normal subgroup. We can easily prove the converse: a subgroup 
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is a normal subgroup if, on containing an element, it contains the 
entire class to which the element belongs in the basic group. 

We now return to the cosets of (41) or (42), where the elements 
H, make up the normal subgroup H. We consider the products 
G, Ha Gyk Ha of elements of a coset G, H, with elements of the coset 


G, Hy. 
We can write the set of these products as 
G, (HG) He, 
G,6,H,H,. 


The elements H, and H, belong to the normal subgroup H, and the 
same can be said‘of their product. Hence we can write the above 


products as 
G,G, H- 


All elements of this type are included in the same coset of (41), 
viz., the set to which the element G,G, belongs. It is also easily 
shown that in this way we get all the elements of this coset. In short, 
if a subgroup is a normal subgroup, multiplication of one conjugate 
set by another likewise gives a coset. We shall look on the cosets 
as new elements, the first set in scheme (41), (38) being taken as the 
identity element. The above result regarding the multiplication of 
cosets gives us a multiplication rule for these new elements that we 
have introduced. We propose to the reader the simple proof that this 
multiplication rule satisfies all the requirements for group formation, 
ie. given this rule, our new elements themselves form a group, in 
which the first coset of the scheme plays the part of identity element. 
This new group, the order of which is equal to the index of the normal 
subgroup H, is said to be complementary to H or is called the factor 
group relative to H. 

Every group G has two trivial normal subgroups: the identity 
element by itself, and the entire group G. 

We shall in future assume a non-trivial case when speaking of 
normal subgroups. It may happen that a group has no normal sub- 
group. 

The group is said to be simple in this case. 


59. Examples. 1. We take the group G of real orthogonal transformations 
in three-dimensional space. Let H be the subgroup of rotations, i.e. the set of 
orthogonal transformations with (+1) determinant. Further, let S be the 
symmetrical reflection about the origin defined by (37). If H, is a variable 
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element of H, the total group G can be represented as 
Ha SHa or Hy Has. (43) 


If G, is any transformation of G, G, H, Œ} has a (+1) determinant, i.e. 
belongs to H, and H is a normal subgroup of index two. We consider the comple- 
mentary group to H. The identity element E of this group corresponds to the 
first of sets (43). The product of two elements of the second set, i.e. of two 
orthogonal transformations with (— 1) determinant, yields an orthogonal trans- 
formation with (4-1) determinant which belongs to the first set. If K is the 
element corresponding to the second set, it follows from what has been said 
that K? = E. Thus the complementary group to H consists of the two elements 
E and K, and K? = Ẹ, i.e. it is a cyclic group of order two. This is true in general 
for normal subgroups of index two. 

2. For the symmetric group of permutations, the alternating group is a normal 
subgroup of index two. 

We write down the elements of the symmetric group with three elements 
and denote each by a single letter, using the notation of [55]: 


E; A=(2,3); B=(1,2); O=(1, 3); D=(1,3,2); F=(1,2,3). 


The alternating group consisting of permutations E, D, E, is a third order cyclio 
group (F = D? and D = F?), where D? = F? = E. The total symmetric group 
consists of three classes: I E; IL A, B, and C; I D and F. 

The alternating group also consists of three classes: I E; Il D; IIL F. It is 
easily verified that the multiplication rule for elements of the symmetric group 
in question is that defined by table (34) of [56]. 

The alternating group with n = 4 contains twelve elements which are distrib- 
uted in four classes; 


I E; U 4, = (l, 2) (3,4); 4,=(1,3)(2,4); A, = (l, 4) (2, 3); 
I B, = (1,2,3); B, = (2,1,4); B,= (3, 4,1); B,= (4,3, 2); 
IV C, = (1,2, 4); C; = (2, 1,3); 0, = (3,4,2); C, = (4 3,1). 


The second class contains three second order elements, whilst the third and 
fourth each have four third order elements. The product of two elements of 
the second class may easily be seen to yield an element again of the second class, 
and since all second order elements fall into the second class, we can say that 
these three elements form, together with the identity element, a normal sub- 
group of the alternating group. Its order is four, whilst the index is three. It 
is easily verified that elements B; of the third class fall into one of the cosets 
of elements with respect to this normal subgroup, whilst the elements O; are 
in the other coset. It may further readily be seen that the product of two third 
class elements yields a fourth class element, whilst the product of two fourth 
class elements yields a third class element. The identity element # in the 
complementary group corresponds to the above normal subgroup. Let A and 
B be the two other elements of the complementary group. It follows immediately 
from what was said above that A? = B and B? = A, and it is at once clear 
that the complementary group consisting of the elements E, A and A?, where 
A3 = E, is a cyclic group of the third order. 
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We observe that the elements E, (1, 2, 3) and (2, 1, 3) of the basic alternating 
group form a cyclic subgroup of the third order, though this subgroup is not 
an elementary divisor. 

On enumerating the vertices of a tetrahedron in any order, it is easily verified 
directly that the above alternating group with n = 4 corresponds to the rotations 
that displace the tetrahedron into itself. Every permutation defines a passage 
from one vertex to another. Rotations of 27/3 about an axis of the tetahedron 
correspond to permutations of the third class, whilst opposite rotations by the 
same angle about the same axes correspond to permutations of the fourth 
class. For instance, rotations about axes passing through vertex number four 
correspond to the permutations (1, 2, 3) and (2, 1, 3). Rotations such that no 
vertex remains unchanged correspond to the permutations of the second class. 

The alternating group can be shown to be simple with n > 4. 

3. If H is any subgroup of an Abelian group G, we have G, H, = H,G, 
for any choice of elements H, of H and G,-of G, i.e. G, H, Gi t = H, whence 
it is at once clear that H is a normal subgroup, i.e. every subgroup of an Abelian 
group is a normal subgroup. We take as an example the group G of vector 
addition in #, which was mentioned in [49]. 

We take for the subgroup H the vectors belonging to some subspace Lg 
of R, (0 < k <n). The cosets are obtained by associating with any vector 
x of R, all the vectors of the subspace Lg. 

If x belongs to Lp, the coset is the same as the subgroup H. We introduce 
fundamental vectors x), x”, ..., x into Ly and fundamental vectors x‘*#), 
e.. x” into the complementary subspace M!,_,. By what has been said above, 
every coset of elements consists of the vectors: 


ce, x) 4+ cg x) +... tex Legg KHD 4 0. te, xl), 


where Ck4i» +» -> Cn have fixed values and c, cs, ..., Cg are arbitrary. 

We can thus associate with every coset a definite vector of Mp—k, and 
conversely, a definite coset corresponds to every vector of M,_,. Corresponding 
to addition of two vectors of any two cosets we have the addition of the cor- 
responding vectors of M,_,. In other words, ir the case of the above group 
operation (vector addition), we can regard the vectors of M,,_, as elements 
of the complementary group. 

In this example, the order of the normal subgroup H and its index are in- 
finite. 


60. Isomorphic and homomorphic groups. Two groups A and B are 
said to be isomorphic if a one-to-one correspondence can be established 
between their elements, i.e. to any element of A there corresponds 
one element of B, and vice versa, the correspondence being such 
that the product of any two elements of A corresponds to the product 
of the corresponding elements of B. If A and B are isomorphic abstract 
groups, they have precisely the same structure, i.e. they have no 
essential differences. 
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We now turn to a new concept that represents a generalization of 
group isomorphism. Group B is said to be homomorphic to group A 
if to every element of A there corresponds a definite element of B, 
and to every element of B at least one element of A, the correspond- 
ence being such that to the product of two elements of A there cor- 
responds the product of the corresponding elements of B. The present 
case differs from that of isomorphism in that the correspondence 
need not be one-to-one both ways, i.e. the same element of B 
can correspond to several different elements of A. If B is homo- 
morphic to A, and one definite element of A corresponds to each 
element of B, the groups are also isomorphic. We observe moreover 
that if the elements B, and B, of B correspond to A, and A, of A, the 
element B, B, corresponds by definition to the element A, A, of A. 

Let A, be the identity (unit) element of A and B, the corresponding 
element of B. We can easily show that B, is the identity element of 
B. For, we have for any A, of A: 


Ay A, = A, Ay = Aj, 
which leads to the equation for the corresponding elements of B: 


B, B, = B, B,=B8B,, 


where B, can be assumed to be any element of B by the definition of 
homomorphism. The last equation shows that B, is the identity element 
of B. Thus the identity element of B corresponds to the identity ele- 
ment of A in isomorphic and homomorphic groups. We now take 
A, and its inverse 4-1 of A, and let B, and B, be the corresponding 
elements of B. The equation A, Ay’ = 4J t4, = Ag, where A, is the 
identity element of A, gives by definition of homomorphic groups, 
B, B, = B, B, = By, where B, is the identity element by the above; 
thus B, = By, i.e. inverse elements of B correspond to inverse ele- 
ments of A. 

Suppose that our groups are homomorphic, but not isomorphic. 
We consider the set of elements C in group A to which the identity 
element B, of B corresponds. If B, corresponds to Ca B31 = By 
corresponds to Cz* by the above and we have B, B, = B, correspond- 
ing to every product Ce, Ca, i.e. the set of elements C, of A to which 
the identity element of B corresponds forms a subgroup C of A. 

We show that this subgroup is a normal subgroup. Let A, be any 
given element of A and B, the corresponding element of B. To every 
element of the form A, C, Aj’ there corresponds the element B, B, By’ 
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of B, this latter being B, in view of the basic properties of identity ele- 
ments; thus every element of the form A, Ca Az’ is one of the elements 
Ca i.e. it belongs to the subgroup C, or in other words, C is a normal 
subgroup. We now consider the decomposition of A into cosets as 
follows: 

Cy, An A,C +++ (44) 


Let B, be the element corresponding to A,. We take two elements 
A, Oa, and A, Ca, belonging to the same conjugate set. The correspond- 
ing elements to these are B; B, and By Bo, i.e. the same element 
Bk of B. 

Elements B, and B; correspond to different cosets A,C, and 
A,C,. We show that B, and B, are different. If they were the same, 
the identity element B, of B would correspond to the element 4,74), 
i.e. this latter element would be one of the C, and we should have 
Az’; = Cap ie. 4; = Ak Ca, which contradicts scheme (44). Hence, 
if group B is homomorphic to group A, the set of elements C of A cor- 
responding to the identity element of B form a normal subgroup, and 
each coset to this normal divisor is a set of all the elements of A cor- 
responding to a given element of B. It follows directly from the defini- 
tion of homomorphic groups moreover, that we have, correspond- 
ing to the product of any two elements of different (or the same) 
cosets, the product of the elements of B corresponding to these 
sets, i.e. more briefly, a definite element of B corresponds to each 
coset of A, different elements of B correspond to different cosets, 
and the correspondence establishes an isomorphism between group 
B and the group in A complementary to Ca- 

We again take as an example the group of real orthogonal trans- 
formations in three-dimensional space; we associate with each trans- 
formation a number equal to the corresponding determinant, and 
define multiplication in the domain of these numbers in the usual 
way, i.e. as numerical multiplication. Our group is now homomorphic 
to the group consisting of the two elements (+1) and (—1), multiplica- 
tion being defined in the usual numerical way for these two elements. 
The role of identity element is played by (+1). The normal subgroup 
in this example consists of the group of rotations. 

If group B is homomorphic but not isomorphic to group A, the set 
of elements of A to which the identity element of B corresponds is 
generally known as the kernel of the homomorphism. We have seen that 
the kernel of the homomorphism is a normal subgroup of group 4. 
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61. Examples. 1. We take the group G of real orthogonal transformations in 
three-dimensional space and associate with each the number equal to the deter- 
minant of the transformation, the group operation for these numbers being defined 
as ordinary multiplication. The group G’, consisting of (+1) and (—1) with 
ordinary multiplication of these numbers, is now homomorphic to group G. 
The identity element (-+1) of G’ corresponds to rotations of three-dimensional 
space of G. These rotations form a normal divisor, whilst the complementary 
group is the cyclic group of order two [59]. 

2. We take an equilateral triangle in the zy plane with vertices 


(1, 0); (cos 120°, sin 120°); (cos 240°, sin 240°) 


and form the group G consisting of rotations of the plane about the origin 
by the angles 0°, 120°, and 240° which displace the triangle into itself, and of 
reflection in the z axis followed by rotation by the angles 0°, 120°, 240°. This 
is the dihedral group with z = 3. 

We write down all the matrices corresponding to the group elements: 





11, 0 aaf -z7 z) 
E=: ; = ; 
{o1 0-1 1 i 
zT 
Thess a Bee ho] 
| -+. eee | '->,<}3 | ane he ee 3 
2° 3 TZ’? i 2° 2 
Cm l; De! > Fe 
| i, | birea iea 
z3 | ITZ: T7) zia 








If we return to the multiplication scheme given by table (34) of [56], we 
see that this scheme in fact corresponds to multiplication of the matrices form- 
ing our group. We saw above [59] that this scheme of multiplication also cor- 
responds to the symmetric group of permutations of three elements: 


E; A=(2,3); B= (1,2); C= (1,3); Dæ (1,3,2); F= (1,2,3). (45) 


Thus if we take as corresponding elements the elements of these two groups 
denoted by the same letter, the two groups are isomorphic. The permutations 
of group (45) correspond to permutations of the vertices of the equilateral 
triangle, if theso are numbered correspondingly. 

Following the same lines as our discussion of [59], the tetrahedral group is 
isomorphic to the alternating group with n = 

3. A general method can be shown for constructing groups of permutations 
homomorphic to a given group G. Let H be any subgroup of finite index n 
of group G. We write down the cosets of this: 


A, HS, H8,,..., H8Sy+- 


If we multiply each set on the right by some element S of G, the result is 
merely & permutation of the order of the sets, and we shall take it that this per- 
mutation in fect corresponds to the chosen element S of G. It may easily be 
shown that we obtain in this way @ group G” of permutations homomorphic 
to group G. 
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The necessary and sufficient condition for the identity element of G’ to 
correspond to the element S of G is that, on multiplying on the right by S, 
every coset becomes itself, i-e. 


H,S=H, and H,S,S=HgS, (k=l, 2,...,2—1), 


where H, is any element of H and H, also belongs to H. These equations can 
be re-written as 


S= H Hg, S= (Si Ha Sh) (SE HgS,), 


and it now follows that the necessary and sufficient condition for the identity 
element of G’ to correspond to the element S is that S belongs simultaneously 
to H and to every conjugate subgroup Sg! HS,. 

If H is a normal subgroup of G, the above requirement amounts to the fact 
that S belongs to H, and group G” is in this case isomorphic to the complementary 
group. If H is the identity element alone, G is isomorphic to the group of per- 
mutations G’ which is obtained if the elements of G: 

E, Sa} Ss, -s Sp 


are multiplied on the right by any given element S of & which reduces to some 
permutation of the elements of G. We shall discuss in more detail later the 
construction of groups of linear transformations isomorphic to a given group. 


62. Stereographic projections. Having now concluded the fundamen- 
tal general theory of groups, we consider a particular example of 
group correspondence that has an important role in physics. We 
start with a preliminary description of stereographic projections, that 
give a definite correspondence rule between 
points of a sphere and of a plane. 

We take vyz axes in three-dimensional 
space and a sphere C of unit radius with 
centre at the origin. Let S be the point of 
the sphere with coordinates (0,0, —1) and 
M a variable point on the sphere (Fig. 3). 
The straight line SM intersects the zy plane 
in a point P, so that we have a fully defin- 
ed correspondence rule between points of 

Fie. 3 the sphere C and points of the zy plane; 

the point corresponding to S (0,0, —1) on 

the sphere is the point at infinity on the plane. This point corre- 

spondence in fact gives the stereographic projection of the sphere on 
to the plane. 

We now deduce the expressions for the stereographic projection. 
Let MN be the perpendicular from M to the z axis. We have from 
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similar triangles, bearing in mind that SO = 1: 
NM =(1+0N)OP. (46) 
Writing the coordinates of M as (x, y, z) and of P as (a, f), we have 
NM =(1+2)OP, 


or, on projecting the parallel lines OP and NM on to the z and y 
axes: 


z=(l+2z)a¢; y=(1 +38. (47) 

The equation z? + y? + 2 = 1 gives us the quadratic equation 
for z: 

(a+ 6) (+z), 
and we obtain on solving this: 
+1 — (+f) 

1+ (a? + p°) 

But we must have z >—1 for all points (a, 8) at a finite distance, 
and consequently we must have (+1) in the above expression. On 
making use also of expressions (47), we get finally for (z, y, 2) in 
terms of (a, 8): 

caen My 2B . „n L(+ F) 
*=TyeeR UTpepe Teepe OD) 

We introduce instead of the two real coordinates a, 8 on the plane 
the complex coordinate ¢ =a + i. On writing as usual ¢ for the 
complex conjugate of ¢, we can re-write the above expressions as 


a 


i Æ i 2 1— ¿t 
t + iy = —; t—iy= -; Z= 2., 
ET Tepa iF 
We write ¢ as the ratio of two other complex numbers ¢ and 7: 











(49) 


En 
c=. (50) 


Pairs of values of ¢ and y, differing by a common factor, i.e. pairs 
of the form k$, kn and £, 7 give the same €, i.e. the same point of 
the plane, whilst the pair 7 #0, § =0 gives the point at infinity. 
The complex numbers é and 7 are called homogeneous complex. 
coordinates on the plane. Using (50) and separating into real and 
imaginary parts, we can re-write (49) as 

pe OD og PT auem (51) 


———= 5 -2 z= Z2. 
E+ 47 t € +77 EE +m 
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These last formulae give us, for any complex £ and 7, real (x, y, z) 
satisfying the relationship 


etyt2—1l=0, (51,) 
as is to be expected, since the point (z, y, z) lies on the unit sphere. 


63. Unitary groups and groups of rotations. We now consider a 
unitary transformation of the variables (£, 7): 


E =ab+by, N = c$ + dh, (52) 


where, since the transformation is unitary, we must have 


FF 47! = +m. (53) 


The new values (£’, 7’) give us a new point on the sphere: 


Pete, yol Peney, y EEIT iga) 


Pea’ i eR pan” PP +a” 

We know that the determinant of unitary transformation (52) has 
unit modulus, so that it is given by a number of the form e”. On 
multiplying all the coefficients of (52) by e~**, we get a unitary 
transformation with determinant 1. But £ and 7’ are now also 
multiplied by e~”'*. This extra factor has no effect at all on ¢. We 
can thus confine ourselves to unitary transformations (52) with the 
assumption of a unit determinant, i.e. 


ad—be=1. (55) 


Even with this restriction, two transformations, with coefficients 
of differing sign, give us values of &’ and 7’ of differing sign, and we 
arrive at the same point C’ under both transformations. 

Lf we replace &’ and 7’ in (54) by their expressions (52) and take 
condition (53) into account, we see on using (51) that the variables 
(z’, y’,2’) are expressed as linear homogeneous polynomials in 
(x, y, z). By (53), the denominators are the same in (51) and (54), 
and variables (x, y, z) undergo the same linear transformation as the 
expressions 


u = in + &; v=- 4); w = EÈ = 77H (56) 


under unitary transformation (52). We establish later the exact form 
of this linear transformation. 
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We first of all establish the general form of unitary transformations 
(52) with unit determinant. The general conditions for unitary trans- 
formations yield [28]: 

at+bd=0; c&+dd=1. 

On multiplying (55) by ¢ and using the first condition written, 

we get : 
— bdd — bce =, 
whence we have by the second condition, ¢ = —b or c = —b, and we 


can show similarly that d = a. Hence we can write all the unitary 
transformations with unit determinant as follows: 


D ERAN | (57) 

n’ = — bE + an, 
where @ and b are any complex numbers satisfying the condition 
aa + bb=1. (58) 


We now write (56) with new variables 
w + to’ = 289’; uw’ — ie’ = E's w = EE N, 
or, using (57): 
w + iv’ = a 2én — b 2% — 2ab (EE — nf) 
w — iv’ = — B2ky + a? 2Ey — 2ab (EE — 1) 
w = Gb 2Ẹn + ab 26m + (at — bb) (EE — 77). 
On making the substitutions 
2y =u iv; 26) =u — iv; EE — my =w 
and adding and subtracting the first two equations, we get expressions 
for (w’, v’, w’) in terms of (u, v, w), or, what amounts to the same 
thing, expressions for (x’, y’, z’) in terms of (zx, y, 2): 
x = (a? +a b i)e + 


+$ (a + Ba — b?)y — (ab + ab)z 

y =4(e +PP b)+ (59) 
+e +a- + b)y + i (ab — ab) z 

z’ = (ab + Tb) x + i (ab — ab)y + (aa — bb) z. 
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For every unitary transformation (57) there is a corresponding 
transformation of the zy plane, and this in turn, in view of the cor- 
respondence set up by the stereographic projection, gives a trans- 
formation of the sphere. 

Accordingly, (59) is a real transformation by virtue of which the 
equation 

r Hy += 
becomes 
g2 Ly? + 272 — 1. 


But the linear homogeneous transformation (59) does not change 


the constant term 1, and consequently it must leave unchanged the 
left-hand side of the equation, i.e. 
T? y 422% ot yr + 2, 

All these facts can be obtained directly from the form of (59). Having 
shown that expressions (59) yield a real orthogonal transformation 
in three variables, we now show that the determinant of the transfor- 
mation is always equal to (+1). The determinant is a continuous func- 
tion of the real and imaginary parts of the complex variables a and b, 
which must satisfy relationship (58). But the determinant can only 
have a value of (+1) or (—1), and in view of the continuity the value 
must be either always (+1) or always (—1). But with a = 1 and 
b = 0 expressions (59) give us the identity transformation with 
(+1) determinant, i.e. the determinant of (59) is in fact always 
(+1). Linear transformations (59) thus represent a rotation of space 
about the origin. 

We now show that every rotation of space can be written in the 
form (59). If we set 


i i = 
a=e2; g=e2??; b=b=0, 
i.e. we take the unitary transformation matrix 
21 
e2?, 0 
A, = i , (60) 
0, e2” 
expressions (59) give us 
T’ = T o8 p — ysin g, 
y’ =xsing + y cos g, (61) 
2’ =z, | 


i.e. we get a rotation by the angle p about the z axis. 
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If we now take 


roe ite ey eae ene 
a=a=cos>; b= ising ; b= ising o 


i.e. we define the matrix of the unitary transformation as follows: 


i Y > p 
CoS -F> — sn li 
B,= || ? $ ir (62) 
|- tsing > cos ¥ | 
(59) gives us 
z = 2, 
y = y cos y — z sin y, (63) 


z =y sin y 4+ z cos y. 


This is a rotation by the angle y about the z axis. 

But as we know from [20], every rotation with Eulerian angles 
{a, B, y} can be obtained as a result of rotation by the angle a about 
the z axis, followed by a rotation of 8 about the new z axis, followed 
by a rotation of y about the new z axis. 

If we write Z, for the third order matrix corresponding to trans- 
formation (61), and X, for the matrix of transformation (63), a rota- 
tion about the z axis by the angle a will be accomplished by the matrix 
Za and the new z axis will now be obtained from the previous one with 
the aid of this matrix. A rotation of f about the new z axis will be 
accomplished, as may readily be seen, with the aid of Za X; 273, 
and these first two rotations are obtained by 


Za Xp Za" Za = Za Xp- 
As above, a rotation of y about the new z axis is obtained by 
(Za Xp) Zy (Za Xp), 
and finally the rotation {a, 8, y} is produced by 
(Za Xp) Zy (Za Xp! (Za Xp) 


or 
ZK gZ (64) 


In the above arguments we have used the obvious fact that, if Z, 
is the matrix giving a rotation of g about the 7 axis, passing through 
the origin, and M is a matrix transforming / to 4, a rotation of p 
about J, is given by the similar matrix 


MZ,M-. 
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We now remark that, if A, and A, are two unitary transformations 
(57), corresponding to which we have orthogonal transformations 
(59) U, and U,, the product A, A, will clearly correspond to U, U,- 
Thus by (64), the rotation {a, 8, y} will be achieved by the unitary 
matrix consisting of the product of the three unitary matrices 








z li SE 
| e`, 0 cos 4, — isin i e 2, 0 w 
a B By ij r || 
lo, ez —isinz, 7 | | 0, ez 





Thus for every unitary transformation there is a corresponding 
definite rotation of three-dimensional space, and all rotations may be 
obtained in this way. The product of two unitary transformations 
corresponds to the product of the corresponding rotations. We can say 
that expressions (59) define the homomorphism of the group of 
unitary transformations with unity determinant with the group of 
rotations of three-dimensional space. 

We now consider what unitary transformations yield the identity 
transformation, i.e. the identity element in the rotation group. The 
third of expressions (59) gives us here 


ab=0; aa—bb=1, 
whence |a | = 1 and b = 0. Let a =e”. The first of (59) gives 
z(e” +e) =1. 


It follows at once that 6 = 0 or q, i.e. a = +1. 
We thus have two unitary transformations with matrices 
gaj” °| z HE, 
0, —1, 


to which the identity element of the rotation group corresponds. 

Now suppose that two unitary transformations U and V give the 
same rotation. In this case, V-t U will give the identity transforma- 
tion in the rotation group, ie. V-t U = E or (—£), ie. U =V or 
U = —V. We remark here that the (—) sign in front of a matrix 
means that the signs of all the elements must be changed. The above 
discussion shows that unitary transformations (57) only lead to the 
same space rotation when they differ simply in sign. Conversely, 
if they only differ in sign, they give the same rotation, as shown 
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above and as also follows from (59). We can finally say that the 
rotation group is homomorphic with the unitary transformation group 
with unity determinant, the same rotations being obtained when and only 
when the unitary matrices differ only in sign. 

The matrices Æ and (—#) form a normal subgroup H of the group 
G of unitary transformations (57) with unity determinant. Any 
coset with respect to the normal subgroup H consists of two elements 
G, and (—G,), where G, is any element of the group. It follows at once 
from what was said above that the rotation group is isomorphic to the 
complementary group to H. 

Expressions (59) contain two complex parameters a and b which 
must satisfy relationship (58). Each of the complex parameters con- 
tains two real parameters, 


a = a, + tag; b= by + iby, 
and (58) is equivalent to the following: 
af -+ a3 + bf + b4 = 
Expressions (59) thus contain four real parameters which must 
satisfy a single relationship, i.e. (59) contain three independent real 
parameters, as must be the case for the rotation group. The parameters 
a and b are generally known as the Cayley—Klein parameters. It is 
easy to obtain their expression in terms of the Eulerian angles. For 
multiplication of the three unitary matrices (65) gives us, as we saw 
above, the unitary matrix which corresponds to the rotation with 
Eulerian angles {a, f, y}. On carrying out the multiplication, we 
obtain the following expressions for the corresponding parameters 
a and b: 
spn i 
a=e * cos $; b= — ie ri (66) 
If 22 is added to a or y, a and b change sign whilst the rotation 
remains in essence the same. This matter has already been mentioned 
above. 


64. The general linear group and tbe Lorentz group. We have just 
established the close connection between the unitary group in two 
variables and the group of three-dimensional rotations. Similarly, 
a connection can be established between the general linear group 
in two variables with unity determinants, and the Lorentz group- 
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We introduce four variables 
Tis To, Lg, Vos 


and, on returning to expressions (51) for the stereographiec projection, 
set in these 
= Bs ype Ss z= 2 
ea Fy ya Bs z=, (67) 


This gives us the following expressions: 


&% ntr. ss lim. za _ m 


T Etm % + Eta % EF 
These define the z, up to a common factor, and we can write 
m=; m= nth 
oe ie (68) 
a, = > (n — $n); T3 = EE — q - 


The previous variables satisfied relationship (51,), and hence, by 
(67), the new variables given by (68) will satisfy for any complex 
é and 7 the expression 


at + a+ a8 — a8 = 0. (69) 

In the case of a unitary transformation from ¢ and n, the expres- 
sion (€ + 77) remained invariable, i.e. by (68), the variable zo, 
here expressing time, remained invariable, and we thus obtained a 


rotation of three-dimensional space. We now abandon unitariness and 
take the general group of linear transformations 


& =a% + by; y = cé + dy. (70) 


We use a similar approach to that for unitary transformations. 


We form the expressions 
z, + ity = BEN; zy — in, = 267; | a 
To +45 = 245; To — Tg = 277. f 


For the new variables &’, 7’ we obtain new z: 
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On substituting expressions (70) and using (71), we get 


a + iz, = Gd (2, + ix,) + be (x, — iza) + 
+ Te (ay + T3) + bd (x — Ta) 
ay — ix = be (z, + tay) + ad (x, — ig) + 
+ ae (Z + T3) + bd (£, — 25), 
To + ag = Tb (z, + iz) + ab (x, — iz) + 
+ 0G (+25) + bb (£o — 25), 
Tg — ty = Td (x, + iz) + cd (z, — iz) + 


-i CT (Zo + 23) + dd (£o — T3), 


(12) 


whence linear expressions which we shall omit may be obtained with 
real coefficients for the zi in terms of the zg. We merely observe that, 
if the last two of equations (72) are added, the coefficient of z, in 
the expression for zá turns out to be equal to 3/, (ad + bb + cc + dd), 
i.e. the coefficient is positive. 

The new variables satisfy a similar relationship to the old: 


ae? ap + xy — zy’ = 0. (73) 


If we replace the xj; on the left-hand side of this equation by their 
expressions in terms of the zg, (69) must be obtained. But it is possible 
for the left-hand side of (73) to differ from the left-hand side of (69) 
by a constant factor, i.e. we have here 


ait al? fa? — af = bead + af + a — 28), 
where & is a constant. On using the above expressions and taking 
into account the fact that 
TP -+ a? -+ arg — ro = (zi + it) (zi — iz) — (Xo + X3) (£o — Ta)» 
it is easily shown that k = (ad — bc) (ad — 6c) = | ad — bc |?. If we 
want to have k = 1, i.e. the Lorentz transformation 
ae + af + af — af = ah tah + ah g, (74) 


we have to take linear transformations (70) with determinants of unit 
modulus, i.e. of the form e”. On multiplying all the coefficients of 
(70) by e-t? as before, on the one hand, we do not change the 2}, 23, %3 
defined by (68) with £ and 7 replaced by &’ and 7’, since expressions 
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(68) contain the product of one of the quantities (&’, 7’) with one of 
(E, 7’), and on the other hand, we reduce the determinant to unity. 
We therefore take transformations (70) as having unity determinant: 


ad —be = 1. (75) 


We can show as in the previous section that the linear transforma- 
tion giving the z; in terms of the z, has a (+1) determinant. We recall 
furthermore that the coefficient of z, in the expression for zg is positive 
here, i.e. the transformation has a (4+1) determinant and does not 
change the direction for measuring time, or in other words, (72) yield 
positive Lorentz transformations. 

Tosum up, linear transformations under condition (75) give the posi- 
tive Lorentz transformations which we defined in [54]. 

As in the previous section, we now pose the question of whether 
any given positive Lorentz transformation can be obtained from (72).We 
remark first of all that, as in the previous section, corresponding to 
the product of two linear transformations (70) we have the product 
of the corresponding Lorentz transformations, or more precisely: if 
A and B are two linear transformations (70) which lead in accordance 
with (72) to Lorentz transformations T, and T,, corresponding to the 
linear transformation BA we have the Lorentz transformation T, T). 
As we saw in [54], every positive Lorentz transformation can be writ- 
ten in the form 

T =VS8U, 


where U and FV are simple rotations of three-dimensional space and 
S is a positive Lorentz transformation in two variables. In accordance 
with the results of the previous section, we can obtain any rotation with 
the aid of a unitary transformation of type (70) with unity determinant. 
It thus remains for us to show that we can get any positive Lorentz 
transformation 3 in two variables from (72), given a suitable choice 
of linear transformation (70). On comparing (74) with (21) of [54], 
it will be seen that we now take c = 1, so that expressions (17) of 
[54] for the positive Lorentz transformations in two variables become 











ya Zot Ts. gh LT | 
è yl—« ’ yie (76) 
Ti = Ti; T, = T. j 


We bring in the quantity 
l 
1—v 


“= >1 
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and take the particular form of transformation (70): 


; ina 
E = lé; n = 7 


where / is a real constant. The determinant of this is evidently unity. 
In the present case a = 1, d=1/l, and b =c=0. On making these 
substitutions in (72), we in fact obtain (76) if 2 satisfies the condi- 
tions: 


1 ze 1 
tse yO aT 


This at once gives us P= u+Vu?—1. The second condition 
shows that we have to take the root less than unity for / with v > 0, 
and the root greater than unity with v < 0, the second condition 
being thereby fulfilled. On extracting the root, we get two values of 
opposite sign for l. We can say finally that the group of linear trans- 
formations (70) with determinant 1 is homomorphic with the group of 
positive Lorentz transformations, the homomorphism being in accordance 
with (72). As in the previous section, this homomorphism is not an 
isomorphism, i.e. different transformations (70) can lead to the same 
Lorentz transformation. It follows at once from (72) that the identity 
transformation in the Lorentz greup is obtained from the two linear 
transformations with matrices 


e=[29|, 
0,1 


and it can be shown precisely as in the previous section that any 
transformation of the Lorentz group can simply be obtained from two 
linear transformations (70) whose coefficients differ only in sign. 

As in [63], the elements E and (—£) form a normal subgroup 
H of the group of linear transformations with determinant 1, and 
the group of positive Loreniz transformations is isomorphic with the 
group cemplementary to H. 

Linear transformations (70) contain four complex coefficients. 
related by condition (75). Expressions (72) thus contain three arbitrary 
complex parameters, or in other words, six arbitrary real parameters. 





s=|~ 5 


0 
0, — 


es 


65. Representation of a group by linear transformations. Let @ be 
a group with elements G, and suppose that there is a definite matrix 
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A, corresponding to each Ga, all the A, having the same order and 
non-zero determinants. Suppose further that the correspondence is 
such that the product Aa, Aa, of matrices A., and Ae, corresponds to 
the product Ga, Ga- We say in this case that the matrices A, or the 
corresponding linear transformations give a linear representation of 
the group G. Let G, be the identity element of the group and 4, 
the corresponding matrix. Since G, Ga = Ga, we must have A, 4, = 
= Aa whence, on multiplying on the right by Az’, we have A, = I, 
i.e. the identity element must correspond to the unit matrix. Let Ga, 
and Ga, be inverse, and Aa, Aa, the corresponding matrices. It follows 
from Ga ` Ga, = Go that Aa, Aa, = I, ie. inverse matrices cor- 
respond to inverse elements. An immediate consequence of the above 
is that the matrices Aa (or the corresponding linear transformations ) 
forma group A homomorphic to group G. If distinct matrices correspond 
to distinct elements of G, A is isomorphic as well as homomorphic 
to G. It is said in this case to give a one-to-one linear represeniation of 
group G. 

If this is not the case, the set of elements of G, to which the unit 
matrix in A corresponds, forms a normal subgroup of G, and group 
A is isomorphic to the group complementary to this normal divisor 
[57]. 

If the basic group G is itself a group of linear transformations, a 
possible linear representation is yielded by the group itself. 

We notice one point in connection with the definition of linear 
representation. Suppose we know that to every element G, there 
corresponds a definite matrix A,, and that a product of matrices cor- 
responds to a product of elements, but that we are unaware of whether 
the determinants of the A, vanish or not. We show that, if one deter- 
minant D(A,,) vanishes, all the D(A,) vanish. Now the set of matrices 
A,, Aa with variable a contains all the matrices corresponding to 
elements of the group [56]. But D(A,, 4a) = D(a) D(A,) and the 
product vanishes since the first factor vanishes by hypothesis. Hence, 
given a correspondence in which products correspond to products, 
we only need to verify that one of the determinants D(A,) is non- 
zero; we only need to verify say that the unit matrix of A corresponds 
to the identity element of G. 

Let X be a matrix of the same order as the A, with a non-zero 
determinant. We have 


(X4,, X-) (XA, X-Y) = XA, 4X7, 
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and consequently the matrices XA, X— also give a linear representa- 
tion of the group G. Two such similar representations are generally 
described as equivalent. Let the order of the A, be n, and let (z,, ..., Zn) 
be vector components in n-dimensional space on which the transforma- 
tions A, are carried out, so that the group A becomes 


x’ = Ax. (77) 
As we know from [25], the equivalent linear representation 
y = XA Xy, (78) 


means that new axes are taken in the space, the new components being 
given in terms of the old by 


(Yir +++ Yn) = X (Tr --- + E) (79) 

With these new axes, linear transformations of space are now ex- 
pressed by (78), i.e. the equivalent linear representations can be obtained 
by a simple change of the coordinate axes in accordance with (79). 
The variables (z,, .-., Zn) appearing in (77) are known as the objects 
of the linear representation. Passage to the equivalent linear representa- 
tion is thus equivalent to replacing the objects of the linear representa- 
tion by different objects with the aid of linear transformation (79) 
with non-zero determinant. 

Let matrices A, of order n give a linear representation of a group 
G, and let matrices B, of order m give another linear representation 
of the same group. We form the quasi-diagonal matrix of order 
(in + m): 

A,, 0 

0; Ba 

We have by the rule for multiplying quasi-diagonal matrices: 
[av Boy] [4a Bal = [ardat BaBa]. 


Thus matrices (80) also give a linear representation of G. In general, 
given representations of G by means of matrices Aa, Bas Cas we can 
form a new representation by using the quasi-diagonal matrix 


[4a Ba] = : (80) 




















| 4,, 0, Oj] 
Da= [4v Bo 0] =| 0, By 0], (81) 
u 0, 0, Cy | 


We now observe that, if we pass to an equivalent representation 
by matrices XD, X-1, the quasi-diagonal nature of the matrices is 
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in general destroyed, and we can no longer say at once from the form 
of this new representation that it is composed, up to an equivalent 
representation, of different representations with a smaller number of 
dimensions, in accordance with rule (81). If our linear representa- 
tion D, has the purely quasi-diagonal form (80), it breaks down 
into a number of linear representations A, and B, with a smaller 
number of dimensions, i.e. with matrices of a smaller order. The 
linear representation is said to be reduced in this case. If a linear 
representation F, does not have a quasi-diagonal form but some equi- 
valent representation XE, X-1 has such a form, E, is said to be 
reducible. Finally, if neither the representation itself nor any representa- 
tion equivalent to it has the quasi-diagonal form, i.e. neither is 
reduced, the representation is said to be irreducible. 

We observe some conditions in which a representation can be said 
to be reduced. Let a linear representation consist of matrices A, of 
order n which yield linear transformations in the variables (z,, . . ., Zn). 
We suppose that all the A, are unitary, and that the subspace R’, 
formed by the first k fundamental vectors, is transformed into itself 
by the Aa ie. if ty = ype --. = Zn = 0, then also zk}, = 


= Chie = ... = 2, = 0. In other words, all the A, have the form 
Au Na (82) 
| 9, Ag 











where Aj is of order k, AZ is of order (n — k), and the bottom left 
corner, with (n — k) rows and k columns, is filled with zeros. We 
consider the subspace R” formed by the last (n — k) fundamental 
vectors. It will consist of vectors orthogonal to all the vectors of 
the above R’. Since each A, transforms K’ into itself, and being unitary, 
preserves the vector orthogonality, each vector of R” must become a 
vector likewise belonging to R” as a result of the transformation Ag. 
In other words, if t, = ... = 2 = 0, then also xi =... = Th = 0. 
It follows at once from this that all the elements in the top right corner 
of (82), with k rows and (n — k) columns, also vanish, i.e. the matrices 
of the linear representation in question are 

| Aj, 0 
| 0, Aa 


and the representation is consequently reduced. Now let all the unitary 
transformations A, leave completely invariant a subspace &, of k 
dimensions (k < n), where 7 is the order of the 4,. We transform the 


=[Aa, 4a]; 
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coordinate axes in such a way that E, is formed by the first k funda- 
mental vectors, which is the same as passing to an equivalent linear 
representation and may be accomplished with the aid of a unitary 
transformation. By the above, the representation becomes reduced 
after this transformation. We thus have the following theorem: 

TuHeoreM. If a linear representation of a group consists of unitary 
matrices which leave some subspace unchanged, the representation is 
reducible. 

The reducibility or otherwise of a representation is closely bound 
up with the passage from matrices A, to the similar matrices XA, X—. 
We shall notice some particular cases of passage to equivalent repre- 
sentations that may be obtained by a special choice of matrices X. 
We form a matrix X as follows: the first row has unity in the second 
place and zeros elsewhere, the second row has unity in the first place 
and zeros elsewhere, and from the third row onwards, we have unity 
on the principal diagonal and zeros elsewhere. Thus 








rr sna ao oo 





We see on expanding directly, starting with the last row, that 
D(X) = —1. It may easily be verified by using the ordinary rules of 
matrix multiplication that, if Y is a given matrix, the similar matrix 
AY X~ is obtained from Y by interchanging its first and second rows 
and its first and second columns. In the same way, every interchange of 
rows accompanied by a similar interchange of columns is equivalent 
to passage to a similar matrix with the aid of the transformation X, 
which is clearly independent of Y. Hence, if we carry out the same 
interchange of rows and columns in all the matrices A, yielding a linear 
representation of a group, this is equivalent to passing to an equivalent 
representation. 

If there exists a distribution of the integers 1, 2, ..., into two 
classes such that, for each A,, a zero stands at the intersection of a 
row numbered by an integer of one class with a column numbered by 
an integer of the other class, the representation is reducible. For its 
reduction is simply accomplished by interchanging rows and columns 
in such a way that those numbered from one class always stand 
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at the top and to the left, whilst those numbered by the other class 
stand below and to the right. 

We conclude the present section by noticing the further case when 
the linear representation of a group G is of the first order, i.e. when 
all the A, are first order matrices, or in other words, ordinary numbers. 
In this case, to each group element G, there corresponds a trans- 
formation z’ = M, T, i.e. simply the number ma, and the ordinary 
numerical product m, m, corresponds to the product G, G. 


66. Basic theorems. Let G be a finite group consisting of m elements 


G,, --- Gm, and let A,,..., Am be nth order matrices that give a 
linear representation of the group. We write the objects of this repre- 
sentation as x(%,, .--, Zn). We consider the expression 
m 
Plr -- -> Zp) = S| Asx/?- (83) 
s=1 


This has the expanded form 


n 


DS (aPat...+apas,) GPa +.-- + AP En) (84) 


m 
s=1j=1 


g = 


where we have written aÑ? for the elements of matrix A,. We can 
easily show that (84) is an Hermitian form, i.e. the coefficients of 
Tp Tg and x, Zq are complex conjugates. Furthermore, it follows from 
(83) that this Hermitian form represents the sum of the squares of 
the lengths of certain vectors, i.e. the form is positive definite [40]. 
In other words, on carrying out the unitary transformation 


y= Ux, 


reducing our form to a sum of squares: 
n — 
p eA AY; Yj» 
i=l 


all the coefficients 4; will be positive. On carrying out the further 
transformation zj = Vaj we get an expression for the Hermitian 
form ọ as a sum of pure squares: 


P=a7 t- Hinz- (85) 
We subject the variables (z,, ..., £n) to the transformation 


x’= A,X, (86) 
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belonging to the linear representation of our group. It may easily 
be seen that, with this, the form ọ remains unchanged. 
In fact: 


m 
Plat, -s th) =D” A, Ag? 


s=1 
But, as we know from [56], the set of transformations (matrices) 
A, Ay, Ay Ax, - - -, Am Ax 


‘is the same as the set 
Ai Ass osinn 


therefore, if we express transformation (86) in new variables (%4, ..., 
Zn), related to the old by an expression of the form 


(Zis -+ 23 Za) = Bol, -< -s Bp) 


where B, is a matrix, we get instead of the group A, the similar group 
B, A, B-!, and none of the transformations of this similar group 
will change (85), i.e. change the sum of the squares of the moduli; 
or in other words, all these transformations are unitary. We have thus 
shown that, for finite groups, every linear representation is equivalent 
to some unitary representation, i.e. a representation consisting of 
unitary transformations. This property is preserved, with certain 
supplementary conditions, for linear representations of parametrically 
dependent infinite groups, and in future, when a linear representation 
of a group is mentioned, we shall always understand it to be unitary. 
We now have the following theorem. 

THEOREM I. Every linear representation of a (finite) group has an 
equivalent unitary representation. 

We now find the necessary and sufficient condition for the reduci- 
bility of a linear representation. We first introduce a new term and 
call a diagonal matrix [k, ..., k] with the same elements on the dia- 
gonal a scalar matrix. Such a matriz may be written kI. As we have 
seen above, it is equivalent to the number & as regards algebraic 
operations. 

Suppose we are given a reducible linear representation of a group. 
The representation will be accomplished say by matrices of the form 


Di = X[(4, Bo Ca) X, 
where the interior matrix is quasi-diagonal and X is a given matrix. 


We form the matrix 
Y = X[k], U, mI] X~, 
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where the quasi-diagonal middle term has the same structure as in the 
D,. It may easily be seen that Y commutes with all the Da. For 


D, Y = X[A,k, Bil, Cam} X, 
and similarly 


YD, = X[k4, 1B, mC,| X~. 


But the order of the factors plays no part when a matrix is multi- 
plied by a number. Furthermore, if the numbers k,l, m are different, 
as we shall assume, Y is not a scalar matrix. For it clearly has dis- 
tinct characteristic roots k, 1, m. We thus arrive at the following 
theorem. 

THEOREM II. If a linear representation is reducible, there exists a 
matrix differing from a scalar matriz that commutes with all the matrices 
appearing in the representation. 

We now show that the converse is also true, i.e. 

Tarorem II. If there exists a matrix Y which is not a scalar 
matrix and which commutes with all the matrices D, of a linear 
representation, the representation is reducible. 

We have for any subscript a, by the conditions of the theorem: 


D,Y = YD,. (87) 


Let Z be a matrix with a non-zero determinant such that all the 
matrices ZD, Z~? are unitary: ZD, Z7! = Ug. We re-write the above 
equation as 


Z1U0,Z¥ =YZ1U,2Z. 
We obtain by multiplying on the left by Z and on the right by Z-1: 
U,ZYZ-1) = (ZYZ—)U,, 


i.e. ZY Z- commutes with all the matrices of the unitary representa- 
tion. This is clearly not a scalar matrix since if ZYZ-1= kl, 
we have Y = kI. It is sufficient for us to prove the reducibility of 
the equivalent linear representation, Ua, and the proof of the theorem 
is thus reduced to the case when the representation is unitary. We 
simplify the writing by assuming that the linear representation con- 
sisting of matrices D, is itself unitary. 

Let A, be a characteristic root of matrix Y. We know from [25] 
that the matrix 4, = 4, J commutes with any matrix; consequently 
the matrix Y — 4, I as well as Y satisfies condition (87), i.e. com- 
mutes with all the D,. It is easily seen that at least one of the charac- 
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teristic roots of Y, = Y — A, I vanishes. For, the characteristic equa- 
tion for Y, will be 


D(¥,—Al) = DEY —(4+4)=0, 


i.e. it is found from the characteristic equation for Y by replacing 
A by (å + 2), and since one of the characteristic roots of Y is å, 
at least one of the characteristic roots of Y, is zero. It follows that 
the determinant of the matrix Y,, equal to the product of the charac- 
teristic roots, also vanishes. We can thus assume in the proof of our 
theorem that all the D, are unitary and that the determinant of the 
matrix Y appearing in (87) is zero. 
We consider a set of vectors having the components 


Tı = Yi Wy F YiU + ++) T YinUn 
To = Yoy Uy T Yaz Ua + +++ + Yon Un (88) 


Pr er ee ed 


Ln = Yn Wa T Yng Uz + - -+ Ynnn! 


where the u, take any values and the y;, are elements of matrix Y. 
Since the determinant of Y vanishes, the rank of the array || Yi || 
is less than z. Let the rank be 7 < n. We know from [16] that in this 
case (88) define an r-dimensional subspace R’. 

We consider the left-hand side of the equation 


D, Y¥a=YD,u, (89) 


The vector Yu has in fact the components (88), and D,Yu is 
therefore the result of applying the transformation D, to some arbit- 
rarily chosen vector of the subspace R’. We have on the right-hand 
side of (89) the result of applying the transformation Y to the vector 
D,u, i.e. the components of the right-hand side are given by the 
same expressions (88) except that t4, ..., un are replaced by the 
components of D,u, i.e. the right-hand side of (89) represents a 
vector belonging to the sub-space R’. We see from this, on comparing 
the two sides, that the application of transformation D, to any vector 
of R’ yields a vector also belonging to R’. But we know from [65] 
that, if unitary transformations leave a subspace unchanged, they 
form a reducible representation. The theorem is thus proved. 

Theorems IJ and III show that the necessary and sufficient condition 
for the irreducibility of a linear representation is that there exists no 
matriz, not of the form kI, commuting with all the matrices appearing 
in the representation. 
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It follows at once from Theorem I that there is no need to mention 
the unitariness of the representation in the theorem of [65], and it 
can be generally stated that, if all the matrices of a representation leave 
some subspace unchanged, the representation is reducible. The con- 
verse is obvious. 


67. Abelian groups and representations of the first degree. A group G 
is described as Abelian if any two of its elements commute, i.e. G,,G,, 
is equal to Ga,Ga, for any subscripts [56]. Let Aa, Ag, be the matrices 
corresponding to Ga, Ca, in a linear representation. We have Aa, Ag, 
corresponding to the product Ga, Ga, and similarly Aa, Ag, to 
Gz, Ga,- But the products are the same and we must therefore have 


Ag Ag = 4a Ae 


i.e. any two of the matrices of a linear representation of an Abelian 
group commute. 

Suppose the representation is unitary, i.e. all the matrices are uni- 
tary. We know that there now exists a unitary transformation U such 
that all the matrices UA, U-" have a purely diagonal form [42]; 
thus there is an equivalent linear representation consisting of purely 
diagonal matrices 


UA,U~™ = [K?, ..., BP). 


It can be seen from this that the linear representation here decompo- 
ses into n first degree representations 


BO = k9 (s=1,2,..., 7). 


To sum up, every unitary representation of an Abelian group is equi- 
valent to a set of first degree representations, passage to an equivalent 
representation being likewise accomplished with the aid of a unitary 
transformation. 

We now consider some examples, both of Abelian group represen- 
tations, and of first degree linear representations of non-Abelian groups. 


Ezample 1. We take as our first example the cyclic (Abelian) group of order 
m, consisting of the elements 


S° =1,S,S8%,...,8S"™-1 (S™=D). (90) 


If the linear transformation z’ = wr, or what amounts to the same thing, 
the number w corresponds to the element S, we shall have the following numbers 
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corresponding to elements (90): 
1, @, @,..., QT, 


Since S™ = I, we must have w™ = I, i.e. 


Bet 
a=e ™ , 
where k is a positive integer that can clearly be set equal to any one of 0, 1; 
2,...,m—1. 

We consider in detail the case m = 2. Here we have 


I,S and S=T, 


i.e. S = S—1. With k = 0, the identity transformation z’ = x or the number 1 
corresponds to both the elements J and S; with k = 1, the transformation 
a’ = x corresponds to I, and x’ = —z to S, or in other words, the number 1 
corresponds to I, and (—1) to S. An important case for physics is that when 
the group consists of the identity transformation of three-dimensional space 
and the symmetry transformation with respect to the origin: 


zt =— z; y =y; Z7 =—2(S). 


We clearly have m = 2. The two representations above may be termed the 
identity and alternating representation of symmetry with respect to the origin. 


Example 2. We take the group of rotations about the z axis. The matrices 
of the group have the form 


cos p, — gin 
Z = p p 


; (91) 





sng, cosg 











| 


and also satisfy, as we saw above, the obvious relationships 
29,29, = Zo, Zo, = Zeto, 


The function e also satisfies these relationships. But it must be noticed that, 
if p = 2z, the rotation is equivalent to the identity transformation, and we 
must therefore have e2™ = J, i.e. the number Z must be of the form J = ki, 
where k is an integer. We thus have an infinite set of lincar representations 
of the rotation group, with the numbers 


erti 


corresponding to matrices (91). 
On assigning all possible values to the number k: 


k= 0, +1, 42,..., 


we get the infinite set of linear representations of the rotation group. 
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Ezample 3. We now take the group consisting of the n! permutations of n 
elements. We can associate the number (4-1) with each permutation, in which 
case we have what is known as the symmetric representation of the permutation 
group. Alternatively, we can associate the number (-+ 1) with even permutations, 
consisting of an even number of transpositions, and the number (— 1) with odd 
permutations. This gives us what is known as the anti-symmetric representation 
of the permutation group. In this representation, the number (+1) corresponds 
to each permutation of the alternating subgroup, and (—1) to the remaining 
permutations. It can be shown, though we shall not dwell on the proof, that 
the above two cases exhaust the possibilities as regards first degree linear 
representation of the permutation group. The group has other representations 
of higher degree than the first. 


Example 4, We next take the group of all the real orthogonal transform- 
ations on a plane i.e. the group consisting of rotations of the plane about. the 
origin combined with symmetrical reflection in the y axis. We saw above [52] 
that the matrices of this group are of the form 


d cos gy, — dsing 
{p.a} = | : | , (92) 
sin 9, coso | 
where d = 1 for a pure rotation and d = — 1 for rotation combined with reflec- 


tion. Apart from the obvious first degree linear representation in which each 
matrix (92) has the corresponding number (+1), we can form a further first 
degree representation in which the number (+1) corresponds to matrix (92) 
if d = 1, and the number (— 1) corresponds to (92) if d = — 1. This in fact gives 
us a linear representation, since the product of two matrices of form (92) corre- 
sponds to a pure rotation if d has the same sign in both matrices, and to a 
rotation with reflection if d has different signs. 


68. Linear representations of the unitary group in two variables. 
We consider the linear representations of the unitary group in two 
variables. As we know, this group has the form 


a samt As Ory. (93) 
T, = — bx, + azz, 
where the complex numbers a and b must be subjected to the condition 


aī bb=1. 


We form the (m + 1) quantities: 
fo ars E= a Ta -as Ém = R- 
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If we take & = xi"; x% and substitute for x, and z4 from (93), 
each & is clearly given linearly in terms of &, and hence we shall 
have for every transformation of group (93) a corresponding linear 
transformation from variables &, to &. It is obvious that products of 
transformations correspond to products of transformations, and we 
thus have a linear representation of group (93) of order (m + 1). 
Though this representation may not be unitary, all we need do to get 
a unitary representation is to introduce an additional constant factor 
into each of variables (95), i.e. instead of (95), we define our variables 


by 


a a =0 
Ng = Von — Hk (k , 1, EE m) (96,) 


and similarly 


p artek ee 1 m 96 
n an ( ,1,..., m) (962) 


where we reckon 0! = 1 as usual. 
We show that our representation is unitary with this definition 
of the variables, i.e. 


m m 
> 1k = D> a (97) 
k=0 k=0 


We have, in fact, on applying the binomial formula: 


-H TT)", 


m m-t AEE ath a 


m 
m. Z nmn Sak 


k=1 k=0 


Si 


= (zir 


and similarly 


m 
ml- 2 NNk = (41%, + 222)". I 
k=o ` 
/ xS 
But since transformation (93) is unitary, Pa a 
LT + oe, + a7, / > 
P . 


i . ` = OY 
and relationship (97) therefore holds. A ond i fá 
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We now introduce explicit expressions for the coefficients of our 
unitary representation of group (93). We make a slight change in 


the notation for this purpose and put 
m= eh EO =h Ft LD. (08) 
a S ARA ee ee 


In the previous notation m = 2j, and the number j will be an integer 
if m is even, and half an odd integer if m is odd. Let m= 5, ex- 
pressions (98) give us the following six variables: 











n s= z3 n 3= TT nis ziz? 
-2 yši $ ma? -4 nBU’ 
zia ziz, z 








The variables here are enumerated, not by the first six integers, 
but by fractions that differ from each other by unity and run from 
(—5/2) to (+5/2). f m = 4, we have by (98) the five variables 








mT ziri. _ AT 
» 


_ 72. 27 : 
tea yg ee visi’ Pym > yari’ 
aa 
h= ya $ 


The variables here are enumerated by the integers from (—2) to 
(+2). For every fixed m = 2j, we have precisely the same enumeration 
of rows and columns in the matrices which form the linear represen- 
tation of order (2j + 1) of group (93). 

We next turn our attention to finding the elements of these matrices. 
We have 


n= __ aay Z (az, + ba,)i+! (— bz, + ax,)i— 
 ¥G+EDIG—D! VG+OG—D! 


and we want to write the right-hand side as a linear combination of 
the quantities 7. Application of the binomial formula gives us 


j+ jx 


P > (— 1y- YG+D! G—D! 
1=2 ACP mgt mG TP 


K 
x ah! aitik Gj—I—t hk gti kk phe kt | 


If we reckon p! = œ when p is a negative integer, we can take the 
summation with respect to k and k’ in the above expression from (— ©) 
to (+2), since the superfluous terms will contain an infinite factor 
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in the denominator and therefore vanish. We replace k’ by a new 
variable of summation $ = j7 — k — K’, so that the summation is over 
integral or half integral values from (—°°) to (+), depending on 
whether j is an integer or half an integer. We thus get 


t= BBW aga Be 
x Girkes qitl—k pkts—t pk alts aj-s i 
But we have by (98): 
E a EDN 
and we finally get the required linear relationship in the form 


ISo% £ VG+D!G—O! 9G +)! — a) 
n= SSW age AGF me aoe X 


x Ti—k-s giti—k Hk+s—l Hk Ns- 


Thus, having assigned a fixed j, the elements of the matrix of the 
linear transformation of order (2j + 1), corresponding to unitary 
transformation (93) with matrix 
will be 


| a, b 
|ia 
Í a,b 


5 = (— ])s-? — J)k 
Dah. pce Gans E 








(99) 


IGT GH-MG +s G— 8)! _ Fikes gitik pkt pk 
XUG-k-AGFI- VT eT sql pets pk 





The subscripts / and s here run over the following values: 
l and s=—j,—ft+l,...,7—1,7, 


where the further reminder must be given that, if 7 is half an integer, 
we have an enumeration of rows and columns of the matrix likewise 
in half integers. On taking p! = œ if p is a negative integer, we get 
the following limits of summation with respect to k in (99): 


k>0; ko>l—s; k<j—s; k<jt+l. (100) 
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We notice that (99) may be simplified by passing to a similar repre- 
sentation. Let A be a matrix with elements a,, and S the diagonal 
matrix [6,,..., dal. 

It is easily seen by using the ordinary multiplication rule that the 
matrix SAS-! has the elements 


{SAS} pq = 8p Opg Ôg - 
If we now apply this rule to matrices 


>, a 

—b, a 

and take 6, = (—1)“, the factor (—1)*— goes out in (99); in fact, we 
shall assume below that this factor is absent. 

We next turn to the proof that the linear representation of unitary 
group (98) defined by matrices with elements (99) is irreducible. We 
prove two preliminary lemmas. 

Leama I. If a diagonal matrix, of which no two of the diagonal elements 
are the same, commutes with a matrix A, A is also diagonal. 

We have by hypothesis: 


A[S,, ---s ôn] = [ðn <- -n n] 4, 


where no two of the 6, are the same. Let apg be the elements of A. 
Using the multiplication rule, we get from the above: 


apg Ôg = Ôp Apg OF Apala — p) = 0, 
and consequently apg = 0 if p # q, i.e. A is in fact a diagonal matrix. 
Lexma II. If a diagonal matrix [ô;, ..., Òn] commutes with a matriz A 
in which at least one column contains no zeros, we have 6, = ... = bn 
On interchanging rows and columns, i.e. passing to similar matrices, 
we can bring the column with no zeros into the first place. With this, 


the diagonal matrix still remains diagonal, and the matrices commute 
as before. We can thus suppose, writing dp, for the elements of A, that 


a,#9 (¢=1, 2,.--, P), 
and moreover, by hypothesis, as above: 
aal, — 6;) = 0 (¢=1,2,...,n), 


whence we have 6, = ... = ôn, and the lemma is proved. 


68] LINEAR REPRESENTATIONS OP THE UNITARY GROUP IN TWO VABIABLES 247 


We now prove the irreducibility of the linear representation defined 
by matrices (99). Let Y be a matrix of order (27 + 1) which commutes 
with all the matrices 

D, a, b) 


—5, af 
obtained with differing a and b satisfying condition (94). To prove 
irreducibility, we want to show that Y must be a scalar matrix. 
We first take the case when b = 0 and a = e. These complex numbers 
clearly satisfy (94). 
Using (99), we first of all find that now 


Dio i | =0 lS. 
0, e™™" jis 
whilst the diagonal elements are 
and the matrix has the form 
es 0, 0, ere ae | 
Dhe o | i" om a T : | a 
OT, MMs Gk Boke tee gh coll 
lo, 0, 0, || 


i.e. given a suitable choice of a, we have a diagonal matrix with diffe- 
rent elements on the principal diagonal. We can say, by using the first 
lemma, that the matrix Y that has to commute with matrices (101) 
must also be diagonal, i.e. 


Y =[6,---, d]- (102) 

We now take the case when both numbers a and b differ from zero, 
and consider the first column of the matrix D; í 4 : A - Its elements 
are given by (99) on setting s = —j. Inequalities (100) now give us 


k>0; k>14+); k < 2j; k<jt+til @=—j, —ĵi +l, .-..,j—1, j) 


whence it is clear that the entire sum appearing in (99) reduces to a 
single term, which is obtained with k = j + land evidently differs from 


, 0b 
zero. Thus the first column of the matrix n| =e | does not in fact 
—b, a 
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contain zero. But since the diagonal matrix (102) must commute with 

this matrix, all the 5, must be the same by Lemma II, ie. Y is a 
, 6 

scalar matrix. The matrices n| ; a therefore in fact yield 
— 0b, Q 

an irreducible linear representation of unitary group (93). On assigning 


to j the series of values 
3 


Tr LERE 


j=0g 1 
we get an infinite set of these linear representations. With j = 0 we 
get the trivial identity representation, when the number unity cor- 
responds to every element of group (93). We now consider, with j > 0, 
to what transformation of group (93) there corresponds the identity 

a, 


b 
transformation of the representation group nÍ ae l which is 
, a 


defined by the equations nj = m or, what amounts to the same thing, 
by the equations 


(ax, + ba) i+! {— ba, + ax,)i—! ee a 
(¢@=—j —j,+ l, cet j— 1, j). 
(ax, + br)” = a}, 


whence it follows that b = 0, and the previous equations may be 
written as 


Setting j =l, we get 


aitt ai ej! af! = gitl gj! (@=—j, —j+1,...,j—1,ĵ), 


whence ait! ai—! — 1. But |a| = 1 for b = 0, and the last equation 
may be rewritten 
at =} (9, —j +1, ..., j—1l, Ĵ)- 


If j is half an odd integer, we can put 1 = 1/2 which gives a = 1. Ifjis 
an integer, the equations a” = 1 reduce simply to a? = 1, whence 
a = +l. 

Hence, if j is half an odd integer, the identity transformation in the 


a, 


b 
group nf rs merely corresponds to the identity transformation 
—b, a 
4 a, . 
in group (93), i.e. in this case nf — — ț is a one-to-one representa- 
—b, a 


, 


tion of group (93). Whereas if j is an integer, to the identity transfor- 


a,b 3 
mation in the D; | 5 ‘| group there correspond two transformations 
„a 
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in group (93) with matrices 


=— E. 





z | 1, 0 
| 0, 1 





s=| 7+} 0 
| 0, 1 








These transformations form a second order cyclic group, and the 


b,a 
group [58]. We can say alternatively that, to every transformation in 
a,b ete 
the n| R ; representation with integral j there correspond two 
transformations of group (93), for which the numbers a and b differ 
only in sign. 


a,b 
D,| | are a one-to-one representation of the complementary 


69. Linear representations of the rotation group. The above results 
are of particular importance since the unitary group (93) is closely 
bound up with the group of rotations of three-dimensional space; 
in fact, we can use these results to obtain an irreducible linear repre- 
sentation of the rotation group. 

We have a definite rotation corresponding to every unitary trans- 
formation (93), whilst a simultaneous change of sign of a and b gives 
a unitary transformation to which the same rotation corresponds. The 
parameters a and b are related to the Eulerian angles of the correspond- 
ing rotation by the expressions [63]: 


-ipta a i-a) 


a=e cos > B; b= — ie? sin Ê. (103) 


We first take the case when j is an integer. Expressions (99) show us 
here that a simultaneous change of sign of a and b does not alter the 
terms on the right-hand side, since the sum of the exponents of a, 4, 
b and 6 is equal to the even number 2j. Thus the same matrix in the 
linear representation corresponds here to the two unitary transfor- 
mations that yield the same rotation. In other words, to each rotation 
with Eulerian angles {a, 8, y} there corresponds, with integral 7, a 


a,b 
definite matrix in the linear representation Dj. Instead of D; 5 i ; 
we shall now write for this matrix aes 


Da, B, y} ; (104) 


If j is half an odd integer, simultaneous change of sign of a and b 
leads to a change of sign of all expressions (99), i.e. we have here, 
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corresponding to the unitary transformations that lead to the same 
motion, different matrices in which all the elements are of different 
sign. Two matrices of different sign also correspond to each rotation, 
i.e. we now have to put signs in front of the D; in (104). To sum up, 
matrices (104) give us a linear representation of the rotation group 
when j is an integer. When j is half an odd integer, we do not strictly 
speaking obtain a linear representation, but have what is termed a 
two-valued linear representation. 

To obtain expressions for the elements of matrices (104), all we 
need do is substitute from (103) for a and b in (99). We obtain, on 
first neglecting the factor (—1)*': 





wl iie G+rO'G—D!gG+s)G—~8)! 
Da. B, y}is = i5 a (— 1)" age NETET TEDA 
x e—ta—isy cos?j+t-2-s L G sinters tg 5 (105) 


If we take advantage of passage to the equivalent representation 
with the aid of the matrix 








it becomes a question of interchanging rows and columns in the 
reverse order, i.e. of replacing the / and s by (—/) and (—s). We can 
thus write, instead of (105), the new expressions 


, me YG +D -DGG -a 
Dj{a P. his = 7 Tal 1)" fe ET A ST 


i oz 1 sok 54 
x elle—isy cçog?j-i-2+s > B sin l3 B, (106) 


the factor i'* being neglected by using the same arguments as in [68]. 
We note some elementary particular cases. With j = 0, we have 
the first degree linear representation 


w =y. 

This is the trivial identity representation. With j = 1/2, we have 
2j + 1 = 2, and the quantities 7_4 and 7, are simply equal to 2, 
and z,, i.e. unitary group (93) is here its own special linear represen- 
tation (apart from possible interchange of rows and columns). 
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We obtain for the rotation group a two-valued representation of 


the second degree, defined by the matrices 


| — Site) + i-o) 
| e cos + B, ie? sin 2 B 


D’, {a, b, y} = 


Ti 


i 

1 

lo =g y ita) sina z i-o) 1 

i ie: n= b.e cos > B 


With j = 1, we have a linear representation of the third degree: 











l enivte L+ cos ezia SË yay) 109P | 
| 2? a’ Tz 

| . ; 

, 1 a—ty sin f i: sin B 

Di{a, B, y} = | as yo” cos ĝ, = oY 

i 

| ent 1—00 gu SOB ity +a) At eos? 

1 

I 


The linear representations D; {a, 8, y} with integral j give one-to- 
one representations of the rotation group. This follows at once from’ 
the fact that two matrices of group (93) correspond to each D; {a, 8, y}, 
where the matrices differ only in the signs of a and b and, as mentioned 
above, correspond with the same rotation. If j is half an odd integer, 
to each rotation there correspond two matrices of the Dj {a, 2, yy 
representation, differing only in sign. In particular, matrices +Æ of 
the D; {a, 8, y} correspond to the identity transformation of the 
rotation group, where # is the unit matrix of order (27 + 1). If we 
confine ourselves to transformations of D; {a, P, y} sufficiently close to 
the identity transformation, the D; {a, P, y} are single-valued represen- 
tations of the rotation group. In this case, it is sufficient to confine our- 
selves to values of a, f, y, near enough to zero in the general expressions 
(106). But if we add 2z to a or y, all the matrices of Dj {a, 8, y} change 
sign in view of the fact that s and / are half odd numbers, and we get 
a second representation of essentially the same rotation. We show 
later that the representations mentioned are all the isomorphic irreducible 
representations of the rotation group. 

Since the Dj {a, 8, y} are all irreducible representations of the rota- 
tion group, the matrix D; {a, 8, y} must be similar to D{a, P, y}, cor- 
responding to the rotation of space with Eulerian angles {a, £, y}. 
We saw in [63] that D = Z, X; Z, and on carrying out the matrix 
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multiplication, we get 
cos a cosy — sina cos f sin y, — cos a sin y —sinacosfcosy, sinasinB 
D = | sin a cosy + cosacos f sin y, — sinasin y + cosa cos f cosy, — cosa cos f |, 
sin f sin y, sin f cos y, cos B 


and it may easily be verified that 


AD; {a, B, y} A~ = Dfa, 8, y}, 


1, 0, 1 
A=|t, 0, — ìi 
0, V% o 
70. The theorem on the simplicity of the rotation group. We show next 
that the rotation groups simple, i.e. it has no normal subgroups [58]. 
If there were such a subgroup, it would follow from what was said in 
[63] that there exists a corresponding normal subgroup of group G 
of transformations (57) with unity determinant, differing from the 
normal subgroup H consisting of E and (—E). We therefore want to 
show that group G has no normal subgroup other than H, i.e. that if a 
normal subgroup H, of G contains a matrix A different from Æ and 
(—£), H, coincides with G. We observe first of all that, if H, contains 
a matrix B, it follows by the definition of normal divisor that H, 
contains all the matrices U-1 BU, where U is any matrix of group G. 
We can thus obtain by suitable choice of U any matrix of G having 
the same characteristic roots as B. Hence to show that H, is the same 
as G, we only need to show that H, contains a matrix with any per- 
missible characteristic roots. These roots must have the form e° and 
e~'” where œ is a real number, since the matrix is unitary and its 
determinant is equal to unity. 
By what has been said, we can take U-! AU instead of the matrix 
A and it can therefore be assumed that A is diagonal. 
Let it be given then that H, contains A = [e’, e-'*], where p is 
real, and e? # +1. With this, A-? = [e-”, e°]. We take the arbitrary 
matrix of group G: 


where 


U sige 7 y=1 
ae eee (zz + yy = 1). 
Now, B 
gaala mt 
J zz 
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Since the subgroup H, contains A and is a normal divisor, it must 
also contain the matrix 


Y = AU 410-1). 


On carrying out the matrix multiplication and taking into account 
that z7 + y7 = 1, we get the following expression for the trace s of Y: 


s = 2 — 4yy sin? p = 2 — 49? sin? p, 


where 9 = | y | can take any value from the interval 0 < 9 < 1, and 
sin ¢ # 0. The characteristic roots of Y, (ce, e—*), are roots of the 
equation p: 


B—sht1=0, ie. A+ (4@sin2p— ?2)4+1=0. 


As ọ varies from ọ = 0 to o = 1, a runs from a = 0 to a = 2ọ. We 
introduce the following notation: 


U; = [e, e—’] . 


It follows from the above remarks that H, contains all the matrices 
H, with 0 < a < 2ọ. It is now easy to show that H, contains any 
matrix U; (8 >0). For on choosing a positive integral n such that 
0 < Bin < 2¢, H, will contain Up, and will therefore also contain 


5 =U,. 

n 
Hence H, contains matrices with any characteristic roots and by what 
we have said above, must coincide with G. We have thus shown that 
the rotation group is simple. 

It follows at once from this that the rotation group cannot have 
homomorphiec (as distinct from isomorphic) representations. For if 
there were such a representation, to the identity transformation in the 
representation group there would have to correspond in the rotation 
group transformations forming a normal subgroup, whereas no normal 
subgroup exists by the above. 


71. Laplace’s equation and linear representations of the rotation 
group. We shall next indicate the connection between linear repre- 
sentations of groups and differential equations. This connection lies at 
the basis of the application of linear representations to problems of 
modern physics. We shall start with the elementary case of Laplace’s 
equation [II, 92]: whilst giving us nothing new, this will throw some 
light on the subject as a whole. We first establish some general facts 
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that play an important part in problems of linear representations of 
groups; these generalizations are indeed already familiar to us in 
certain particular cases from the abeve examples. 

Let G, whose linear representations we wish to form, be a group of 
linear transformations of order n: 


y= GJPa,+...+9M2, (k=1,2,.-.,2), (107) 


where the superscript a, characterizing an element of G, runs over a 
finite or infinite set of values. Further, let m functions exist: 


P(2Zy,-+-1%n) (S$ =1,2,..-, m), (108) 


such that they also undergo linear transformation on substituting for 
the independent variables in accordance with (107): 


G(T, ---, Ta) =a) p (2, ---, Za) + --- FAQ 2, -.-, Zp) (109) 


(s =1,2,...,m). 


We have here a matrix A, with elements a? corresponding to 
transformation (107) of group G. We consider two transformations of 
the group: 

(zi esd Ln) = Galti eg Tn); (zi SETRI, n) = Gaol, mete Tr); 
Giz = Ga Ga . 


The corresponding transformations of functions (108) are 


P(T» Bae Ta) = ag» P(T, ae Zn) t- T afp Pml» See Zn) (110,) 
and 
P(T -> En) = AG P(T - - -> La) + - - - + AEP Ply - - -> Ta) (1103) 


On substituting for the g,(z}, ---, Za) from (110,) in (1103), we get 
a direct relationship for ,(z{, ..-, £a) in terms of 9,(z,, - - -, Zn) yield- 
ing a matrix A,,. We thus obtain 


m 
{Aas} ix = Saf aGy, ie. A= A, Aa, 
gal 


and expressions (109) evidently define a linear representation of 
order m of group G. We have assumed in the above arguments that 
the functions g, are linearly independent. In this case linear transfor- 
mations (109) are uniquely defined and D(A,) ¥ 0, since otherwise 
the ¢,(z}, -.-., za) would be connected by a linear relationship. 
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In the particular case of constructing linear representations of a 
unitary group, the role of functions ps was played by functions (96,). 

Let G be the group of rotations of three-dimensional space, so that 
n = 3, and let the ¢, be orthogonal and normalized in a sphere K 
with centre at the origin, i.e. 


Di J PplTi» To, Ta) GylXs, To, Ta) dz, dr, dx, T Ôpg g (111) 


We show that linear representation (109) of the rotation group is 
now unitary. The sphere K is displaced into itself as a result of a 
rotation G,, and the determinant of G, is known to be equal to unity. 
Condition (111) thus gives us 


S S S pple, x4, 24) pale, Za 2%) dar, dart da, = Ôp’ 
K 


or by (109): 
m 1 i 1 AN A E E 
f f f [> akp Pi(Xys Ta, Ta) - Ip Pj (Ty, To, tg) ] dz; dary da, = Ôp - 
K` i= j=l 


By the rule for change of variables in a triple integral, on passing to 
(24, Ta, 3) we have simply to substitute dz, dz, dz, for dzi dzz dz then 
integrate over the same sphere K. We get by (111): 


m —— 
D> UW aP =y (p,q = 1, 2, -o m), 
iul 


where, as usual, 6), = 0 for p # g and 6,, = 1, i.e. each of the matrices 
A is here orthogonal by rows, whilst the transposed matrices will be 
orthogonal by columns and consequently by rows also [28]; it follows 
that a basic matrix has orthogonality both of rows and columns, or 
in other words, the A, are in fact unitary matrices for any a. 
We now consider the Laplace equation in two variables 
U , ©U 


mas A (112) 








or, in vector notation, 
div grad U = 0. (113) 
We take the homogeneous polynomial in z and y of degree l: 
Gy (2, y) = aga! + aye ty n aay +... ay. (114) 


We show that there exist two linearly independent polynomials of 
type (114) that are solutions of equation (112), and that every solution 
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of (112) that is a homogeneous poynomial of degree | must be a linear 
combination of the above two polynomials with constant coefficients. 
In fact, the coefficients of polynomial (114) are given by 


1 Fp (z, y) 
U EE a Ea 


But since this polynomial must satisfy equation (112), we can re- 
place double differentiation with respect to y by double differentiation 
with respect to z whilst at the same time changing the sign, inasmuch 
as (112) can be written as 


U FU 


3y? ar? * 


ay, = 


We thus obtain for the coefficients a, expressions of the form 


1 a 1 a 
a=} r & = += g EH aan 


i.e. all tbe coefficients of polynomial (114) are expressible in terms of 
coefficients a, and a,. This argument shows us that there exist no more 
than two linearly independent homogeneous polynomials satisfying 
equation (112). We now show that two such distinct polynomials in 
fact exist. For this, we consider the homogeneous polynomial 


w, (z, y) = (z + iy)! 
After removing the brackets and separating real and imaginary 
parts, we get 
@, (2, y) = p (z, y) + ip, (z, y), 
where 9,(z, y) and »,(z, y) are real linearly independent homogeneous 
polynomials of degree 1. We get by differentiating w,(z, y): 


o ; . 
Seer <1 1) (e+ iy); 
3? o (x, y) 
ar = 
Le. w,(z, y) satisfies equation (112). The same can therefore be said 
of the real and imaginary parts of this function, i.e. of polynomials 


Filz, y) and p(z, y), and these give us the two required solutions of 
(112). We introduce polar coordinates 


— I(l — 1) (z + iy), 


Z=Tcosg; y=rsing, 
whence 
w (z, y) =r e®. 
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Polynomials g; and y; now take the very simple forms 
pı (%,y) =r coslp; y,(z,y) =7'sinlp. 
We rotate the zy plane about the origin by the angle: 
2’ =xcosé—ysind, y =xsind+ yoos?. (115) 


It is easily seen that equation (112) now remains invariant, or more 
precisely, it looks exactly the same in the new variables: 
eu , #U 
wet tye 
This can be verified directly by using (115) and the rule for differen- 
tiating a function of a function. Or it follows directly from the fact 
that the left-hand side of equation (113) has a definite value indepen- 
dently of the axes chosen, so that it has the same form for any Cartesian 
axes. The polynomials q(x’, y’), p(x’, y’) must satisfy equation (116), 
and consequently also (112), and must therefore be linearly expressible 
in terms of g(x, y) and y(x, y). This in fact gives us a linear represen- 
tation of the group of rotations on a plane. 
We now take two different polynomials that are linear combinations 
of the above: 


pi (x, y) = pı (x, Y) — iyi (z, Y); Yr (ZY) = pı (z, Y) + iy (x, y) 


=0. (116) 


or 
Pi (zy) = (z — iyt =r e; yi (x,y) = (e+ iy) = re. 
These polynomials yield the following transformation: 
gi (z’, y) = re Bo) — e- pi (x,y), 
pi (z, y') = ret Or) = ell? yi (x, y), 


i.e. the matrix 
e—® 0 
0, elf 














corresponds in the linear representation to transformation (115), where 
the angle # can have any value. The form of the matrix implies at once 
that the linear representation has a reduced form. It gives two linear 
representations of the first order, defined by the numbers e~"” and e”, 
The integer l can take any value throughout the above discussion. 
We have obtained in this way the same linear representations of the 


rotation group for a plane as were obtained earlier in [69]. 
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We now turn to the Laplace equation in three variables: 


U , PU , PU 
e ta t e’ (117) 








m 
t 





or 
div grad U =0. (118) 


“~ We consider homogeneous polynomials of degree l, now in three 
variables: 


pı (2, Y, 2) = Oy F + X, (x,y) 2-1 + Ky (z, y) 22+... + 
+ X (zy) 2+ X, (x,y), (119) 


where the X;(z, y) are homogeneous polynomials of degree k in their 
arguments. Each X,(z, y) contains (k + 1) arbitrary coefficients, so 
that in general the polynomial p(x, y,z) of degree l in three variables 
will contain the following number of arbitrary coefficients: 
itopinpin, 

On substituting (119) in equation (117), we get a homogeneous poly- 
nomial of degree (l — 2) on the left, and on equating its coefficients 
to zero, we get l(l — 1)/2 homogeneous equations in the (J +- 1)(l+ 2)/2 
unknown coefficients of oz, y, z). We have: 

@+id+2) d-D_ 


Sen Sl 


so that at least (2l + 1) coefficients in ¢,(z, y, z) remain arbitrary, 
i.e. there will exist at least (2/ + 1) linearly independent homogeneous 
polynomials of degree / satisfying equation (117). By using the same 
method as for two variables, it can be shown that there are not more 
than (2/ + 1) of these polynomials, i.e. there are precisely (2l + 1). 
We write these polynomials as 


pe (x, y, 2) (s=1,2,..., 2441). 
If 
(x,y zZ) =U - (x,y, 2) 


is a rotation of three-dimensional space about the origin, equation 
(117) will meantime remain invariant, and polynomials y{(z, y, 2) 
give a linear representation of order (21 + 1) of the group of rotations 
-of three-dimensional space. 

We give later a detailed treatment of these harmonic polynomials 
and introduce explicit expressions for them. We shall see that they can 
always be chosen so as to be orthogonal and normalized in any sphere 
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with centre at the origin. The linear representation of the rotation 
group that they then afford is unitary. This representation can be 
shown to be in fact equivalent to the representation D,{a, P, y} which 
we constructed in [69]. We shall return to this problem later. 


72, Direct matrix products. Suppose we have two matrices 


|| Qir» Pigs - - -> Gan jris biz» - - +> bim | 
A es azy Qa ++ +s Qan | and B = by, , bag, siig bam |. (120) 
H ee E ae eee E E j! i ele: CSP er 6s Geo SS: te be i 
lan anes pie saml | bmi: Oma ze -Omm i! 
the first being of order n and the second of order m. We form a new 
matrix C, whose elements cj; are obtained by multiplying each ele- 
ment of A by each element of B: 


{Ch 5.40 = Cj. = lik b 


(121) 


Here the set of two integers (i, f) plays the role of first subscript, 
and the set of integers (k, 1) that of second subscript, where 


i and k=1, 2, ..., n; 


j and l=1, 2, ..., m. 


In other words, we have a special method of reference to rows and 
columns, in which they are indicated by a set of two integers, the first 
taking values from 1 to n and the second from 1 to m. We can naturally 
enumerate the rows and columns in the ordinary way by simple inte- 
gers which go from 1 to nm, with one such definite integer correspond- 
ing to each pair of (7, 7) or (k, l), the integers being the same if the pairs 
are the same. Various different methods can be used for the enume- 
ration by single integers. Passing from one method to another amounts 
to a simultaneous interchange of rows and columns, i.e. to passage 
to a similar matrix which will later have no significance. 

The matrix C is called the direct product of matrices A and B, and is 
generally written as 

C=AxXB. (122) 


The order of the factors is of no significance in this new type of 
product. 

Suppose, for instance, that both matrices (120) are of the second 
order. Their direct product is now a matrix of the fourth order which 
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we can write say in the form 


a : ' 
i Qy biv Gu biz Gibi Gya bia j | G13; 1v Ciy 129 Cra; 24> ©11; 29 | 
c i Qir B94, Qu b22 Aaz bzr Qia bza i | Ciz C1212 12; 21> C12; 22 | 
i| a21 bir Ga biz» Foz bis Q22 Bye : Coys 319 C21; 129 Co; 219 ©21, 28 | 


|| doy By, Qay Bey, Aos bzs Doz Bog || C22; 11° Cag; 12» C22; 217 Cor; 22 {I 
or in an alternative form, given a simultaneous interchange of rows 
and columns. 

Let A and B be diagonal matrices: 


A= [yr <-s Mali B= [ðn -- -> Sal- 


In this case a;, = 0 and b = 0 for? + k and j # l, and consequently, 
by (121), cy only differs from zero when the pair (ż, 7) is the same as 
(k,l), i.e. the matrix C will also be diagonal. The principal diagonal 
contains all the possible products of the y, with the 6,. If all the yg and 
ô; are unity, C is also a unit matrix. We thus have the following theorem. 

THEOREM I. The direct product of two diagonal matrices is a diagonal 
matrix, and the direct product of two unit matrices is a unit matriz. 

We also prove the following theorem. 

Treorem I. If A® and A™ are two matrices of the same order n 
and B®, B® are matrices of the same order m, the following formula 
is valid: 

( ADX B®) ( AD B®) = A) 4V x BO B®, (123) 

It should be noticed that when we write two matrices of the same 
order after each other with no sign, this always means the ordinary 
product of the matrices. Denoting the elements by the corresponding 
small letters with two subscripts, we have by definition of direct 
product: 

{40x BO} = af? o9 (t =I, 2); 


and on using the ordinary matrix multiplication rule, we get the fol- 
lowing expression for an element of the left-hand side of (123): 


n m 
dw = 3 > a BD af LY. (124) 
P> = 


We show that the same expression is obtained for the corresponding 
element of the right-hand side. We have by the definition of ordinary 
product: 


n m 
{ AD AM} 5, = a a) ; { BO BO}, = = bi?) bY? ; 
p= g= 
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and by definition of direct product: 


di;a = > ap ae - > bY? bE? 
p=! q=1 
which is the same as (124). We now turn to the proof of a final theorem 
regarding direct products. 
THEOREM III. If A and B are unitary matrices, their direct product 
C= A x B is also unitary. 
We have by hypothesis: 


n m = 
Asp Faq = Öp; Psp Pag = po (125) 
s= s= 


We verify that the columns of C are orthogonal and normalized, 
and write 


n m 
= = ijs pg ij; pag = Op. ais poe 
i=1j= 
i.e. by (121): 
nm n E m = 
Öp q; page = = 2 Gip, ips Bin, Bige = 2 Gip tip X bia bia (126) 
=lj= i=. i= 


If the pairs of numbers (p,, g,) and (Pz, g,) are different, at least one 
of the factors on the right-hand side of (126) is zero, whilst if the pairs 
are the same, both factors are unity by (125). Hence ôp,q,p.q, is zero 
if the pairs are different, and unity if the pairs are the same, which 
proves the theorem. 

We can clearly form the direct product of three matrices by forming 
the direct product of the direct product of the first two with the third: 


AD x A® x 48), 


On retaining the previous notation, we have the following for an 
element of the new matrix: 


— pW 72 
Cik; kt = aR aR aR. 


The direct product of any finite number of matrices may be formed 
in a similar manner, the order of the matrix representing the direct 
product being the product of the orders of the matrix factors. The 
order of the factors is of no significance. 
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73. The composition of two linear representations of a group. Suppose 
we have two linear representations of a given group G with elements 
Ga: 


zi =ar e... ar, (¢=1, 2, ..., 2) (127) 
and 
y, =y +... H Ym (k=1,2,...,m) (128) 


where the superscript a runs over a finite or infinite set of values. We 
write A® and B® for the matrices of transformations (127) and (128) 
and form their direct prouct: 


C®) = 49x BO, (129) 


The matrices C also give a linear representation of the group G. 
For to any element G, of G there corresponds a matrix C“; and the 
product Ga, Ga, = Ga, has the corresponding matrix C°? 0°? which 
is given, by (123), by 


C2) CD) = (ACD x Beer) (ACD x BOD) = (A) ACD) x (BOO BOD). 


But since matrices A® and B® give linear representations of the 
group, we have 


ACs) 4) — As) and Bes) Bad — Bs), 


and consequently: 
C2) CD = Als) BCs), 
i.e. by (129): 
Ce» Cla) — C0), 


Thus to a product of elements G, corresponds the product of cor- 
responding matrices C“, and these matrices give a new linear repre- 
sentation of G. We notice that we now have the direct product of unit 
matrices A® and B®, i.e. a unit matrix C®, corresponding to the 
identity element of group G. 

We form the nm products x;y; and subject each of the factors to 
transformations (127) and (128). We have 


uy, = (aQ r +... + aR r) (Py, +... +O y,,), 
or on removing the brackets: 
zi c$ where c? „7 = a? bo 
Yk = 2> iR pq Lp Yp Cik: pq = Bip’ Oks 
p=lq= 


i.e. if x; and y, are objects in linear representations defined by matrices 
A® and B®, then xy, are objects in the lincar representation defined by 
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matricesC™. If the A® and B® give irreducible linear representations, 
the representation given by the C is not necessarily irreducible. We 
treat later the case when Gis the group of rotations of three-dimension- 
al space, and the A™ and B® are the different irreducible linear 
representations of the group that we constructed in [69]. We show 
that in this case the product 


Dj {a, B, y}x Dp {a, B, y} 


is reducible, and we find the irreducible representations that compose it. 


We take as an example the Schrödinger equation for two electrons in the 
field of a positive nucleus. The equation is of the form 


re 2 e a 3 
APELLAR SEE ETE d AE 
| an D a + a )t | Ey, (130) 


where 
9 


y= S- _ Čo _ l es 
s1 Ya + 8 +B 2 Y(T — T2)? + (Y1 — Ye? + (z1 — 22)* 
the constants having their usual significance. The second term in the expres- 


sion for V is due to the interaction of the electrons. If we neglect this interaction 
as @ first approximation, the equation becomes 


(131) 


(H, + H3) y = Ey, (132) 
where 
hz o 3 3: ee 
y PEER E ee S eS oS — s 
s Bx? m E T 3y? an a) yettyta (8 1, 2) 
Suppose that the separate equations: 
Hy = Ey; H,y = Ey (133} 


have eigenvalues E, and Æ, and corresponding eigenfunctions 


: Vi (Ta Y2) and Pe (Ler Ya Za), 
1.0, 
Ay, = Ey, Hy, = Ezy. (134} 
If we substitute in (132): 


P = Pı (Tr Yo 21) + Par (Za Yor Z2), 
we clearly get by (134): 


(A, + Be) Y = ve H, Y, + Y, Ha Y = (E, + Ee) Y, Y2 = (E, + Ea) Y, 


i.e. equation (132) will have the eigenfunction y, Yz, to which (E, + E2) cor- 
responds. The left-hand sides of equations (133) contain Laplace’s operator 
and the distance of a point from the origin, and they are consequently unchanged 
on carrying out a rotation of space about the origin. It may happen that more 
than one eigenfunction y, corresponds to the characteristic root H = E, in 
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the first of equations (133). In this case, all the eigenfunctions in question, 
representing solutions of the first of equations (133), yield a lear representa- 
tion of the rotation group, just as did the homogeneous harmonic polynomials 
of [69]. Let the representation be D,,{a, $, y}. In precisely the same way, 
the solutions of the second of equations (133) for a given eigenvalue E = E, 
give us a representation D;,{a, f, y} of the rotation group. According to the 
above, the product y, y, gives us a representation of the rotation group equal 
to the direct product Dj,xDj,, and to recognize the physical characteristics 
of the corresponding eigenvalue (E, + E,) of equation (132) it becomes essential 
for us to distinguish the component irreducible representations. This circum- 
stance has a fundamental role in excitation theory. 


74. The direct product of groups and its linear representations, 
The concept of the direct product of matrices plays a part in another 
problem to which we shall now turn our attention. Let G and H be 
two groups, with elements G, and Hz, where the a and f run inde- 
pendently over in general different sets of values. We define a new 
group F with elements defined by pairs of elements of G and H: 


Pop = (Gas Hp); 


the first element being from G and the second from H. The identity 
(unit) element of the new group is defined as the Fag when the Ga 
and H; are the identity elements of G and H, and inverse elements 
of F are defined in a similar manner. We naturally define the multipli- 
cation rule for F by 


Pa, pa Fos py = (Gag Gay, Hp, H,,)- 


As is easily seen, the set of Fy, in fact forms a group. We call the 
group F the direct product of groups G and H. Suppose we have a 
linear representation of G formed by matrices A® and a linear repre- 
sentation of H formed by matrices B®. It can be shown by using 
(123), as in the previous section, that the direct products 


COA) — AD BO 


give a linear representation of group F. Moreover, if A® and B are 
unitary representations, the representation C@® of F is also unitary 
[72]. 

We now show that, if the represeniations A® and B® are irreducible, 
the representation CO ©) of group F is also irreducible. Let the A@ be 
of order n, and the B of order m. The matrices C% ® will be of order 
nm. Let a matrix X exist of order nm which commutes with all the 
OP, Matrix elements will be denoted by the corresponding small 
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letters. We thus have, for any subscripts 7, 7, p, q, and for any a and £: 


m n m n 
> > im dR = > > ROR 2a; pp (135) 
miko Li kel 


where 
RIO =H and a bP = ch. 


If we take G as the identity element of G, A® will be a unit mat- 
rix, ie. af = 0 fork # p and a) = 1, and (135) gives us: 


m m 
Š Tiel be) = È OP tam» (136) 
and similarly, taking H® as the identity element of H, we get 
m n 
> Lizeo Up = X AR Ley; pa- (187) 
k=1 k=1 


If we take nm elements zy. xı and fix the subscripts i and k, we get 
the m? elements 
Tj; kt (j, i=1, 2, ...;3 m) 


which give a matrix of order m. We write X“” for this matrix. 
Similarly, on fixing j and l in aj, xu we get a matrix XY of order n, 
By (136), all the X‘” will commute with all the matrices B®, 
forming an irreducible representation of group H, and consequently 
all the X{' are scalar matrices, i.e. the elements 2,;. p for fixed è 
and k have the same value if j = l, and are zero if 7 #1. We can 
write this as follows: 


Tij;kt = Til; kı Ôj- (138,} 
Similarly, we have by considering the matrices XY D, 


Tiju T Diju Six, (138,) 
where, as usual, 


Ong = 9 for p#q and 6,,=1. 


It follows from equations (138,) and (138,) that 2;;. xı differs form 
zero only when 4 = k and 7 = J, in which case all the 2, xı are numeri- 
cally the same, i.e. the X commuting with all the Ce ® is neces- 
sarily a scalar matrix. It now follows immediately that the linear 
representation of group F defined by the direct product A” x B® 
is irreducible. It can be shown that all the irreducible representations 
of group F are obtained in this way. 
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Let G and Z be groups of linear transformations with the same 
number of variables, and let any pair of matrices G, and H, commute: 


We have assumed in the above arguments that an element of group 
F is defined by a pair of elements (G,, Hz), and we have laid down a 
definite rule, written above, for multiplication within group F. In the 
present case we can take the elements of F as simply the matrix 
products (139) which are independent of the order of the factors. 
This new F is isomorphic with the previous group F. If Ga, and Hg, 
are unit matrices, the product Ge, Hs, = H3, Ga, is also a unit matrix. 
The matrix Gz! H;1 = H;1G,"' is clearly the inverse of G, H;, and 
we have the following multiplication rule by (139): 


Gas Hg, Gay Hp = (Gag Gay) (Hp Hg) : 


i.e. all the previous properties are satisfied here in the formation of F, 
so that product (139) can be taken as the variable element of group F. 
We take the particular case when G is the group of rotations of three- 
dimensional space and H is the second order group consisting of the 
identity transformation J and symmetry S with respect to the origin 
[57]. Condition (139) is satisfied here. If G, is any rotation of space, 
clearly Ga S = SG,. In this case F is the group of all real orthogonal 
transformations of three-dimensional space. We had two first degree 
linear representations in [67] for H. One was the identity representation 
consisting of the number (+1), and the other was the anti-symmetric 
representation, in which (+1) corresponds with the matrix Z and (—1) 
with matrix S. If we now take a linear representation Dj{a, 8, y} of 
the rotation group, we can take the direct product of a matrix of this 
representation with both these representations of the group of sym- 
metry with respect to the origin. We obtain in the one case a linear 
representation of the total group of orthogonal transformations in 
which the same matrix D;{a, 8, y} corresponds to every rotation with 
Eulerian angles {a, 8, y}, whether taken in the pure form or in associa- 
tion with symmetry with respect to the origin. We write Dj {a, £, y} 
for this representation of the group of orthogonal transformations. In 
the second case, the matrix D;,{a, 8, y} corresponds to a pure rotation 
and —D,{a, P, y} to a rotation in association with symmetrical reflec- 
tion. We write D} {a, 8, y} for this latter representation of the orthog- 
onal transformation group. 
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We shall discuss one further example of the direct product of two 
groups. Let (z,, Yı Z1) and (2, Yz» Z3) be two points and G the group 
of rotations of three-dimensional space. Our variables now undergo 
the Jinear transformations: 


Lk = Jir Te + Jiz Yk + G13 Zk: 
Yk = Joy Te + G22 Yu T Jos Zk» (k =1, 2) (140) 
Zk = Js1 Tk T Jaz Yk + Yaa Zk» 
where the array of gig is the matrix of a certain rotation. We suppose 
further that H is the group consisting of the identity transformation 


and the transformation corresponding to interchange of the subscripts 
l and 2 in our points. This latter transformation will have the form 


l, 2 

We obviously have S? = 7, and the group H will therefore consist 
of the two transformations J and S. Given a rotation Ga, clearly 
G,S = SG,, since it is a matter of indifference whether the re- 
numbering of the points comes before or after the rotation. We obtain 
here the same linear representations for the total group F as above. 
If we took n instead of two points, the group H, consisting of inter- 
changes of the point subscripts, would have for its elements linear 
transformations in n variables, and H would be isomorphic with the 
group of permutations of n elements. In this last case, the operations 
of rotation and of point subscript permutation similarly commute 
with each other, and the direct products of matrices of the linear re- 
presentation of the rotation group with matrices of the linear repre- 
sentation of the permutation group give us a linear representation of 
the total group F. 


75. Decomposition of the composition D; x D;, of linear representa- 
tions of the rotation group. We now return to our discussion of [73] 
of the Schrödinger equation for two electrons, where we saw that, 
neglecting electron interaction, the eigenfunctions of the Schrédinger 
equation give us a linear representation of the rotation group which is 
obtained by the composition of two linear representations of this group. 
The results of the previous section show that it is important for us to be 
able to decompose such a linear representation into its irreducible parts. 
This is the problem that concerns us in the present article, and it may 
be stated mathematically as follows. Suppose we have two irreducible 
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representations D,{a, $, y} and D,{a, p, y} of the rotation group. 
Their composition D; x D; also gives us [73] a linear representation 
of the rotation group. We require to find the irreducible parts of which 
this representation is composed. 

The objects of the linear representation D; of order (2j + 1) are 


Un = (m=i. 7-1) 
VG+m)!G—m)! 


and those of D; are 


(142) 


ol ‘em of 
(G Hm)! —m’)! 
where (th, ùs) and (v, v) undergo the same unitary transformations 
with (+1) determinant [68]. If we form the (27 + 1) (27 + 1) quan- 
tities 


Vie (m =—7,— 7 +1,--.. 7 — 1,7), (143) 


uj+m yj —m oft of’ =m 
VG+ m)! (j — m)! (7 +m’)! — m)! 
m= — ĵ, Ti j +1 aie Ry 7-19 
m=] —f41,...,7—1 9) 


Wram = Um Vint = (144) 


these will be the objects in the linear representation of the rotation 
group defined by the composition D; x Dj. 

We shall assume in future that j and j’ are either integers or half 
integers, i.e. to be more precise, we shall take linear representations 
of the unitary group in two variables with unity determinants. 

Let k be an integer (or half an integer) satisfying the inequality 


lj—7|<k<G+7. (145) 
We show that we can form 2k -+ 1 linear combinations of magnitudes 
(144) such that they give a linear representation D, of the rotation 
group. 
For the proof, we form expressions of the type 
L = (toy vg — thy Vy)! (thy Ly + Uy E2) (Vy B, F Va By), (146) 
where / is a fixed integer satisfying the inequalities: 
I> 0; 1<2j; 1< 97’. (147) 


If the variables (4, u) and (2,, v2) undergo the same linear trans- 
formation 
Wy = yy Uy F aizto; Vi = yy Vy F Ay t2 
Ug = lo, Uy F oz Uz; V3 = la V, F Arz Ve 
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with (+1) determinant, i.e. @,, dg — a4. ĉn = 1, it may easily be seen 
that the first factor in (146) remains unchanged. For 
Uy Vz — Uy Vy = (Qr; Azz — Gya Agy) (Uy Vo — Uy V). 
It is clear that (146) is a homogeneous polynomial in z, and 2, of 
degree 2(7 + 7’ — 1). It therefore consists of terms of the form 
a, xs ggd + -D-5 (s=0,1,...,.2G+7 —D) 
On introducing the notation: 
k=j+7—-1 (148) 
= aktar gakm" 
VE F m”)! (k — m”)! 
({m” = —k,—k+1,...,k —1,h), 


Ym" (149) 


we can write (146) as follows: 
+k 
L= > Cm” Ym” (150) 
m=a—k 

The coefficients Cme are dependent on the variables (u,, t) and 
(2, %). 

It follows at once from (146) that cme is a homogeneous polynomial 
in (w, w) of degree 27 and a homogeneous polynomial in (x, v,) of 
degree 27’, i.e. Cy will consist of terms of the form 


' 2j— 2j'— 
Ang uh us! p i vy q, 


or we can say, on taking into account (142) and (143), that Cm- is a 
linear combination of products: 


Cm = X > U,V w (m = —k, —k+1,-..,4-1,h), (151) 
m mw 


where the coefficients d@) no longer contain w, and ve. We observe 
that, in (146), the variables uù and v, only appear either in association 
with the factor z,, or in the first factor of (146), in which the sum of 
the indices of w and , is equal to 1. On observing that Yme contains 
zitm we can say that, in the terms of (151), the sum of the indices 
of wu, and z is k + m” + 1, or by (148), the sum is 7 + 7’ + m”. But 
U m contains u/+™ and V w contains vt ™, and hence it follows imme- 
diately that each of expressions (151) contains only the products 
UmV m, for which m + m = m”. We now show that linear combi- 
nations (151) of the U,V», in fact give a linear representation of the 
rotation group equivalent to D,. 
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We first recall the definition of contragredient transformation. 
Given the two linear transformations 


(Zis e003 By) = A se) and (Yis - - -> Yn) = B (Yi - - Yn) 


the necessary and sufficient condition for the equation 
ziyi +- * F Tn Yn = Yy ees + lan 


to be valid is for B to be contragredient to A, i.e. B = A®- (ef. [21] 
and [40]). 

Let the variables (u,, u,) and (v,, va) undergo a simultaneous unitary 
transformation A with (+1) determinant. Suppose that the variables 
az, and z, have now undergone a transformation 4-1 contragredient 
to A. It follows from the definition of contragredience that the sums 


Uu, 2, + Uz z and v, 4, + 022, 


now remain invariant. As was proved above, the first factor in (146) 
also remains unchanged with the above transformation. The total 
sum L therefore remains unchanged, in other words, by (150), the 
variables cm- undergo a transformation B, contragredient to the trans- 
formation C suffered by the Ym. 

We bring in the new variables: 


» —m” 
uk+m uk m 


pS ad A E "=—k,—k ,---,4—1,h). 
m Vie F m)! (ke m)! ie Ei ka Le) 


We can write on applying the binomial formula: 


+k 
(doy £a + Uy Hq) = (2k)! S Zm Ymr- 


m =—k 


The left-hand side remains unchanged by the transformations, and 
the same can therefore be said of the right-hand side, i.e. the variables 
Zm- undergo the same transformation B, contragredient to C, as the 
variables cm». But we know that variables Zm- in fact give us a linear 
representation D, of the rotation group, if (u, u,) are the objects of 
the unitary group with (+1) determinants. Our assertion is therefore 
proved. 

We can thus form (2k + 1) linear combinations of variables (144), 
which we shall interpret as vector components in space with (27 +1) 
(2j’ + 1) dimensions, and the combinations give a linear representation 
D,, of the rotation group. On taking into account equation (148) and 
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inequality (147), the following values are seen to be assignable to the 
number k: 


k=j+ř i+? hL. oij] (152) 
We now find how many linear combinations of variables (144) can be 
formed. We assume for definiteness that 7 > 7’. The total number of 
linear combinations will be 
(2j +27 +1) + (27 + 27 — 1) HH (27-27 + 1). 
This is the sum of an arithmetic progression, the number of terms being 


(27 + 27 + 1) — (27 — 27° + 1) 


2 


+1=2 +1, 


aud the total number of combinations is (27 + 1) (27° + 1), ie. it is 
equal to the number of variables (144). The same result would be ob- 
tained on assuming 7 < 7’. On writing for brevity: 
(27 + 1) (27 + 1) =r, 
the linear combinations can be denoted by 
Wir Was >- e, Wer (153) 


on the assumption that the combinations run in the same order as the 
linear representations Dg, where k has the values given in (152). As a 
result of a unitary transformation with (+1) determinant on variables 
(Uis Ug) and (v,, v), we get new values UmV m of variables (144) and 


new values w; ($s = 1, 2, ...,7) of variables (153), where the w; are 
given in terms of the w, by the quasi-diagonal matrix 
[Dj+; Dye jo < Dy_yJ, (155) 


and each D, corresponds to the unitary transformation to which the 
(t, Uy) and (0, %2) have been subjected. We show further that the 
linear forms (153) of magnitudes (144) are line arlyindependent. Let T 
be the matrix of the linear transformation with the aid of which the w, 
are expressed in terms of the variables (144). The direct product 
D; x D; is the matrix of the linear transformation for variables (144), 
and we have by the above: 


(Djs; Djy- . -D j-ji) = T(D;XD;) T-1, (155) 


which gives the decomposition of the direct product into irreducible 
parts. The above expression is more usually written as follows: 


DiX Dp = Disp + Djzpiat---+ Dy: (156) 
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We recall that each D, is defined by a unitary transformation and is 
„b 
i} The result obtained may be 
—0b, a 
generalized for any number of factors. For instance, we can write 
D,xD,x D, = (D, + D, + Dy) XD, = 
=D, + D} + D, + Da + D, + Do +D, = 
= D, + 2D, + 3D, + Dy. 
D, itself is a third order matrix [68]. The direct product D, x D, is 
a ninth order matrix, and finally D, x D, x D, is a matrix of order 
twenty-seven. The above equation shows that this last matrix is 
equivalent, with any choice of unitary transformation, to the diagonal 
matrix 


to be written out in full as n) 


[D;, D,, Da, Dy, D,, Di; Dol- 
The order of this last matrix is [68]: 
(2-34+1)+2(2-241)+3(2-141)+(2-0+1) = 27. 


We now prove the linear independence of the w,, as linear forms of 
magnitudes (144). The w, are the cm- in the previous notation, except 
that we have to remember that we can take different values of k, or 
what amounts to the same thing, different values of 1, when forming 
the cm, 80 that it would be more correct to write c{2. As we have 
seen above, each c°? is expressed solely in terms of the U,V m, for 
which m + m’ = m”. Hence it follows at once that only the c® with 
different 7 but the same m” can be linearly dependent. On removing 
the brackets of the last two factors in (146) and collecting terms 
in a7" 23", where k is given by (148), we in fact obtain, up to 
a constant factor, the c. in terms of ug and vy. They are clearly the 
products of (u,v, — u,%,)' and a polynomial with positive integral 
coefficients in w,, ua V and v, It may readily be seen that these ex- 
pressions cannot be linearly dependent with different 1. Suppose, say, 
that we had linear dependence of the type: 


a, cl) + a, cl» a, ch) = 0, 
where L < 1, < 1, and the a, are non-zero constants. This relationship 
must be satisfied as an identity for any t4, Us Vy U, Suppose, for 


instance, t = 0, = % = 1. By what has been said about the form 
of the c®. we get a relationship of the type 


Gy (Uy — 1) p, (uy) + oy (u, — 1)" p: (u) + 2 (uy — 1)2 ps (u,) = 0, 
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where the p;(u,) are polynomials in u, with positive integral coefficients. 
On dividing by (w — 1)" then setting 4 = 1, the above gives us 
a, = 0, which contradicts what has been said and thus proves the 
impossibility of a linear relationship. 

Of course we could actually have constructed the expressions for 
the w, in terms of variables (144) by removing the brackets in (146). 


76. Orthogonality. Matrices forming non-equivalent unitary irreducible 
representations have the property generally known as orthogonality. They 
are often employed in applications of group theory to physics. We first of all 
formulate this property. 

Let Q be a finite group of order m with elements 


Gi, Ga, 2001 Om 
and let 
AM ...,A™ and BY, ..., B 


be two systems of matrices giving linear representations of G. If we write 
small letters with two subscripts for the matrix elements and assume that 
the representations are non-equivalent and irreducible and consist of unitary 
matrices, we shall find that we have the following equation: 


m — 
2, a pP = 0, (157) 


this being valid for any values of the subscripts. Similar equations apply for 
a single irreducible unitary representation. Let p be the order of matrices 
A®), yielding an irreducible unitary representation. We have the following 
equations: 


m —— 
> al? af? = = 6,54, (158) 
s=l P? 


i.e. the sum on the left is zero if the pairs of numbers (i, 7) and (k, 2) are different, 
and is equal to m/p if the pairs are the same. 

The proof of orthogonality is based on Theorem HI of [66]. We first recall 
the multiplication rule in the case of rectangular (not square) matrices. Let 
C and D be matrices with elements 


a= 1,2,. » My j= 1, 2,...,m, 


Dahk ra e) = toa 


the number n, of columns of D being the same as the number of rows of C. 
The elements of the product DC are defined by the usual expression 


{DC}, = = {D}is {Chsx- 


1=1,2,...,n,)’ 


The new matrix DC will clearly have n, rows and n, columns. 
We now state a fundamental theorem. 
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THEOREM. If unitary matrices A® of order p and unitary matrices B© of 
order q give non-equivalent irreducible representations of a group G, and if a 
rectanqular matrix C with p rows and q columns satisfies for all s: 

ASG =0B) (¢=1,2,...,m), (159) 


C is a zero matriz, i.e. all its elements are zero. 
We first take the case p = q, when C is a square matrix. If the determinant 
of C differs from zero, there exists C-!, and it follows from (159) that 


A®) =C BO 07, 
i.e. the two representations are equivalent, which contradicts the hypothesis 
of the theorem. The determinant of C must therefore vanish. Suppose that 
not all the elements of C are zero and that we write them as c;- We know that 
the linear forms 
Cy t + --- + Cip Tp (@#=1,2, ...,p) 


define with arbitrary z, a subspace with a number of dimensions equal to the 
rank of C [14], i.e. the subspace here has a number of dimensions = 1 and < p. 
In other words, we are concerned here with a subspace R and not the total space 
of p dimensions. We write (159) as a linear transformation on a vector with 
components (Ty, ..., Xp): 


ASG (a, 01, Zp) OB! (x, ..., 29) (8 = 1,2, .-., M). 


The C(x, ..-, Zp) on the left is an arbitrary vector of R, whilst the whole of 
the right-hand side, representing a linear transformation C on a vector 
B(x, ...,%p), also belongs to R. In other words, the transformation A‘) 
on any vector of R again yields a vector of R. In this case, as we know from 
[66], the A give a reducible representation, which contradicts the hypothesis 
of the theorem. 

This proof remains in force if p> gq. The rank of C is now always less than 
p, and the linear forms 


Cyt, +... Heit (= 1,2....,7) 


define a subspace R with a number of dimensions less than p; thus the proof 
remains as before. Suppose finally that p < q; we pass to the transposed matrices 
in (159), which gives us 

BY HO 1 COM 49 (+), 


The order g of BX») is higher than the order p of A©X*), and we conclude 
from this as above that the unitary matrices B“X*) leave a subspace unchanged, 
so that we can reduce them to the quasi-diagonal form by a suitable choice 
of fundamental vectors. The matrices B will also become quasi-diagonal, 
which contradicts the hypothesis of the theorem. The theorem is thus proved. 

We could have omitted the condition in the theorem that A“ and BY) are 
unitary. As we know, these can always be assumed unitary if we are prepared to 
pass to similar representations, in which case we get a new matrix C, instead 
of C in (159), C, being connected with C by a relationship of the form 


C = D, C, D;; 


and since C, is the null matrix, the same can be said of C. 
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We now turn to the proof of (157). We introduce the notations A(G,) and 
B(G,) instead of A® and BO, where G, is the element of G to which AS) and 
B®) correspond. Let X be any matrix with p rows and g columns. We introduce 
the matrix 


C= > AG) XB (G)! (160) 


s=1 


and show that it satisfies (159). 
Let G, be a fixed element of G. We have 


m 
A(G)C= D A (G) A (G) XB (G). 
s=1 
But by the definition of linear representation: 
A (G) AG,=A(G,G,) and B(G,) B(G,) = B (GiG), 
and hence 


A(G)0 = X AGG) XB (C16) B (G). 


s=1 


If G, runs over all elements of the group, the same can be said of the product 
G, G,, s0 that we can write the equation above as 


A (G) C0 =0B (G), 


i.e. the matrix C defined by (160) in fact satisfies (159), and C is consequently 
a null matrix. We thus have, for any choice of matrix X: 


m 
> A(G)XB (GJ =0. 


s=1 


Suppose that a fixed element {X}; of X is unity, and the remainder zero. 
The last equation now gives us 


m 
D {4 (C)}y {B (Gs) hx = 0- 
s=1 

Since the matrices are unitary, B(G,) is obtained from B(G,) ! by replacing 
rows by columns and all the elements by their conjugates, so that the last 
equation becomes in the previous notation: 


Se aD wW = 


which is the same as (157). 
Similarly, by constructing the matrix 


m 
D= Y A(G) XA (G7, 


s=1 
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where X is any square matrix of order p, we can show that 
A (G) D= DA (G) (s=1,2,...,m™), 
and we can say from Theorem III of [66] that D is scalar matrix, or 
m 
D A(G)XA (GJ! = el, 
s=1 


where the number ¢ depends on the choice of X. Again, let {X}; = 1 and 
the remaining elements of X be zero, and let cj; denote the corresponding value 
of the number c. We can write 


m 
> {4 (G)}ij {4 (Gs) far = ep Sin: (161) 
s=1 
To find cj;, we put ¢ = k and sum over ¢ from 1 to p: 
m P m 
Peg = = > (4 (Ga) Yu {4 (C)}y = = s 
s=lizl s= 


If Z =j, the right-hand side is equal to m, whilst it vanishes with 147. 
Hence cj; = (m/p) 6;;, and (161) can therefore be re-written: 


m 
= {4 (G)}j{4 (GID = = òi Ôj» (162) 
s= 


which is the same as (158) if we take into account the fact that A (3) is unitary. 

Relationship (157) may easily be seen to hold, not merely for unitary, but 
for arbitrary non-equivalent and irreducible group representations. Let A’(G,) 
and B’(G,) be two such representations of degrees p and g, whilst A (G) and B(G) 
are unitary representations equivalent to them, so that 


A (G) =C, A’ (G,)Cy1; B(G) =C, B’ (GCF, 


where C, and C, are definite matrices not depending on s. We have by the 
unitariness of B(G,): 


B (GJ = B (G = 0: 9" B(G)" 63, 
and (157) can be written as 
m eÉ. 
X0, A G,) Or X O7 B’ G,)* CF =0, 
8&=1 


whence, on multiplying on the left by Cy! and on the right by ("Y 1, and 
introducing the arbitrary matrix Y = Cy! X (Cd with p rows and q columns, 
we get 


m 
> 4 (G) Y BGS =0, 


s=1 


=] 
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and therefore, using the arbitrariness of Y as above: 
m S 
SalP WP =o. 
s=1 


We notice also that (162) is valid for any representation, unitary or not, 
as follows from the proof and the fact that it is not necessary to mention the 
unitariness of the Af) and B®) in the statement of the previous theorem. 


77. Characters. Suppose, as above, that A(G,), B(G,) are two non-equivalent 
irreducible representations of orders p, g of a group G with elements G,, Ge 
.. +, Gm. We shall write X(G,), X’(G,) for the traces of the matrices of the repre- 
sentations, i.e. the sums of their diagonal elements: 


P q 
X (G) = S{AG}us X’ (C) = D> {B (C)}w. 
i=l k=1 
These numbers are known as the characters of the representations. The charac- 
ters of equivalent representations are clearly the same [27]; also, we can assume 
that the representations in question are unitary. The orthogonality formula 
gives 


m 
> {4 (Gs fi {B (CJ = 0, 
s=1 


and summation over i and k gives the orthogonality formula for the charac- 
ters: 


m 
> X (6) XG) =0. (163) 
&=1 


Similarly, (158) gives 
m 
m 
2, {41G} {4G)a} = p Six 
and we have from summation over 7 and k; 
m ——— 
2 X(G,) X(G,) =m. (164} 


We shall prove a number of theorems by using these formulae. 

TaroreM l. The necessary and sufficient condition for two irreducible representa- 
tions to be equivalent is that their characters are the same. 

We have already mentioned that the characters of equivalent (reducible or 
irreducible) representations are the same, so that the necessity of the condition 
is established. We now assume the converse, that the systems of characters 
of two irreducible representations are the same, i.e. X(G,) = X’(G,) (¢ = 
= 1,2,...,m), and prove the equivalence of the representations. We have 
by (164): 


2, XG) XG) =m, 
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whence the equivalence follows, since otherwise we should have relationship 
(163). We notice the obvious point that the matrices in equivalent representa- 
tions must be of the same order. Corresponding to each irreducible representa- 
tion, we introduce vectors in the complex m-dimensional space Rm with com- 
ponents: 
1 1 l 
T X(G,), Ym X(G.),-+., Va X(Gm) - 
These vectors are normalized by virtue of (164), and vectors corresponding to 
non-equivalent representations are mutually orthogonal by (163). Hence it- 
follows that there cannot exist more than m non-equivalent irreducible representa- 
tions of a group G of order m. We shall later define more precisely the total 
number of non-equivalent irreducible representations of a group. We shall 
denote this number by the letter J for the present. Let w denote these non- 
equivalent irreducible representations (t = 1, 2, ...,1) and let their charac- 
ters be g 
XOG), XG), ..., XOG G=1, 2.. D). 


Suppose that there exists a representation w with characters 

X(G,), Z(G), --., X(Gm) - 
As a result of reduction, w is given by quasi-diagonal matrices formed from the 
matrices of representations œw. We thus have for the characters: 


l 
X(G) = PA a, XG), (165) 


where the a; are non-negative integers which show us how many times the 
representation w appears in the constitution of œw after its reduction. 

Expressions can be derived for the coefficients a; in terms of the characters 
of representation œw. Let k be one of the numbers 1, 2, ...,2. We multiply 
both sides of (165) by X@(G,) and sum over s. We obtain, using (163) and 
(164): 


m —— oy 
2 X(G)X HG) =aym, 
whence 


ak 


ï. m Ss 
m a, MGs) ZOG). (166) 


This expression yields a definite value for each a}, whence we get the following 
theorem. 

THEOREM 2. Every reducible representation decomposes into a unique set of 
irreducible representations. 

By using (166), we can easily generalize Theorem 1 for the case of any rep- 
resentations, irreducible or not. 

THEOREM 3. The necessary and sufficient condition for two representations to 
be equivalent is for their characters to be the same. 

The necessity of the condition has been noted in the proof of Theorem 1. 
Conversely, if the characters X(G,) of two representations are the same, we get 
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like values for the a, by (166), and both representations consequently reduce 
to a quasi-diagonal matrix composed of the same irreducible representations. 
We can assume here, on passing to an equivalent representation if necessary, 
that the irreducible representations in question are arranged in the quasi- 
diagonal matrix in the same order, since a permutation of rows and columns is 
equivalent to passage to equivalent representation. 

Representations with the same characters thus reduce to the same quasi- 
diagonal matrix, i.e. they are equivalent. 

We now turn to the investigation of the total number J of irreducible, non- 
equivalent representations of the group G. The group elements are distributed 
into classes. We find in the same class the elements obtained from one of them 
G, with the aid of the expression: 


G,G,G3! (6 =1,2,...,m). 


Similar matrices with the same trace correspond to all these elements in any 
representation. Let r be the number of classes in G. By what has been said 
above, every linear representation of G has not more than r different characters, 
where each character corresponds, not to individual elements, but to all the 
elements of a given class. Let the class C, consist of g, elements, C, of g, elements, 
and finally, C, of g, elements. The terms of sum (163) are the same for elements 
of the same class, and on writing X(C,), X(C;) for the characters corresponding 
to the elements of class C, we can re-write (163) for two non-equivalent irre- 
ducible representations as 


r 
2 XC) XO) % =0, 
whilst (164) becomes 
r 
PA XC) XC) % =m. 


We thus have, for the characters X“(C,) of non-equivalent irreducible represen- 
tations wo (i = 1,2, ..., 0): 


r 
a ZO ICh %=9 fori#t 
(167) 
r 
ž XOCH XC) g, =m. 
k= 


We introduce into the r-dimensional space R, 2 vectors with components 





| xOG,), |) XG), ~., EA ZOC) @=1,2..40. 


The above equations show that these vectors are mutually orthogonal and 
normalized, and consequently linearly independent. It follows that the number 
l of them is not greater than the number of dimensions, i.e. / < r. This gives 
us the theorem: 

THEOREM 4. The number of non-equivalent, irreducible representations of a 
group is not greater than the number of classes of the group. 
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It is shown in the next article that we always have l = r. Since we have 
just proved that 1 < 7, the equality follows if we can show that | > r. The 
proof of this latter inequality is bound up with the introduction of certain new 
concepts and relationships regarding characters which are of interest in them- 
selves. 

We establish a further relationship between the characters of any irreducible 
representation. Let the class Cy consists of the elements G™, GW, ..., GW. 
The expression G, G“G>1 (i = 1, 2, ..., gx), where G, is any element of the 
group, again gives us all the elements of class C,, though now in a different 
order. It follows that, if we take the set of all the products of elements of two 
classes C, and C}: 


GP) GW) (U=1,2,..-, 9p v=l,2,...59,); (168) 
the expression 


G, EP GO a71 = (G, GPG») (6, EM GF) 


gives us the same set of elements. This implies the following property of set 
(168): if an element belongs to the set, the whole of the class containing the 
element likewise belongs to the set, where each element of the class appears in set 
(168) the same number of times. We write Goo, for the non-negative integer indica- 
ting how many times elements of class Cy appear in set (168). All this may be 
expressed in a purely symbolic form as 


r 
Opa = Z apy Cy, (169) 
k=l 


or 


(GP + aP) + --- +GP) (AD + 0D +... + G®) = 
= X apr (OP +O +... +6M). (170) 
kal 


Let A(G,) be the nth order matrices of an irreducible linear representation of 
group G. We form the sum of the matrices corresponding to elements of class 
Cp and call the new matrix A(C,): 


Ek 
A(Ck) =È A(a) . 


On observing that the elements G; aG! with ¿= 1, 2, ..., gg and any G, 
of G give the total set of elements of class Cp, it will be seen that the matrix 
A(C,,) commutes with all the matrices A(G,). Hence it follows that A(C;,) is 
a scalar matrix [66], so that we can write: 


AC) =%I (k=1,2,-..7), (171) 


where the b, are numbers. If we make use of the definition of the numbers 
poz, ìe. of symbolic expression (170), we get the following relationship between 
the bz: 


T 
by by = PA Gn qn br- (172) 
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The trace of matrix A(C;) is equal to the sum of the traces of the a 
(i = 1, 2, ..., gg), i.e. is equal to gy X(C;,). On the other hand, it follows from 
(171) that the trace of A(C,) is equal to nbp, i.e. nb, = gk X(C,), whence 


b= 2 XO,), 


and relationship (172) leads to the following theorem. 
TEOREM 5. The following relationships hold between the characters of any 
irreducible representation formed by n-th order matrices: 


I X(Cp) 9 XCq) =n X ap XC. (173) 


We note that one of the classes C; is that consisting merely of the identity 
element Z of the group G. Corresponding to this we always have the unit matrix 
of a linear representation, the trace of which is equal to its order n. This class 
will always be denoted by C,, so that X(C,) = n, and the above expression can 
be re-written: 


r 
Ip X(Cp) 94 X(Cq) = XC) 2 apgk 9k X (C4) - (174) 


We now find the values of constants ap- There corresponds to each class C, 
a class C,,, consisting of the inverse elements to those of Cp. This follows at 
once from the definition of class and the fact that the equation G, G, Gy! = Gy 
leads to G, G71 Gr! = Gj}. 

The class C,, can coincide with C,, i.e. it may happen that p = p’. In every 
case, C, and Cp, contain the same number of elements, i.e. Ip = Ip: If we take 
g = p’ in (173) or (174), class C, will appoar g, times on the right-hand side, 
whilst with g Æ p’, the right-hand side does not contain C, i.e. 


0 for gp’, 


i (175) 
gp for g=p’. 


an=] 


78. Regular representations of groups. We have already mentioned a method 
of representing a finite group with the aid of a permutation group. Any 
permutation group can be expressed in the form of a transformation group. 

For suppose we have the permutation 


1, 2, 3, 4 
2, 4, 3, 1, 


this can be written as the linear transformation by which x, becomes Yz, Tz 
becomes y,, 2, becomes y; and z, becomes y,: 

yı = Ox, + Ox, + Or, +2, 

y2= 2, +02, + 0x, + Oz, 

Ya = OT, + 0r: +T, + Or, 

Ya = 0r, T: + 0z + 0z. 
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We consider the following representation of a group G by a permutation group. 
We multiply the elements G,, G., ..., Cm on the right by an element G, This 
leads to a permutation of the elements, i.e. by what has been said above, to a 
matrix P,, which is regarded as corresponding to the element G,- This is generally 
known as a regular representation of the group G. One of the Gg is the identity 
element of the group, which we denote as usual by #. The unit matrix P, 
corresponds to this, and its trace is therefore m, i.o. X(#) = m. On multiplica- 
tion of elements G,, Gy ..., G,, by some element G, no element Gg remains 
in place, i.e. all the diagonal elements are zero in the corresponding matrix, 
and in a regular representation X(G,) = 0 for G, # E. 

Suppose that, on reduction, a regular representation contains the repre- 
sentation w(), that we have discussed above, ky times. We have with this, by 
whet has already been said: 


l 
0 for GE 
hi ZG) = a 176 
Ži r (Gs) i: for G,=E. (176) 


On multiplying both sides of this equation by X® G,) and summing over s, 
we get by (163) and (164): 

hgm = mX(E); 
but if we write ny for the order of the matrices in representation a, we have 
XE) =n, whilst from above, XOXE) = X(E) = hy, whence ny = hy, 
and (176) can be written as 


0 for G#E 


I t 
Orn) xOG) = () £ 
Pa ae (Cs) 2 mX (Gs) l m for G= E. 


(177) 
We thus arrive at the following theorem. 

THEOREM 6. A regular representation contains each irreducible representation 
w) a number of times equal to the order ny of the matrices in the o), the characters 
of the wo being given by (177). 

We now write down (174) for representation w): 


r 
9p XC p) 9 XC.) = XC,) PA apg XO Ch ce. 
and we sum over ¢ from 1 tol: 
t r I. 
9p 9q Z, ZO Cp XC) = 1D ap Z XC) XC) sr- 


We obtain, on taking (177) into account: 


t 


9p 99 2, X%Op) ZVC) = apa m, 


i.e. by (175): see P 
org Fp’ 


Te for q =p. oe) 


l 
Z XC») X%C,) = | 
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We form the set of l homogeneous linear equations in t, ry, .-., £p: 
id 
PR) =0 (=1,2,...,) (179) 


and show that it only has the zero solution. 


For, on multiplying both sides of (179) by X“(C,) and summing over k, 
we get zp, = 0, where p’ is any of the numbers 1, 2, ..., r. Since system (179) 
has only the zero solution, the number of equations is not less than the number 
of unknowns, i.e. Z > r. We showed earlier that 7 < r, whence it follows that 
l =r, ie. 

TEOREM 7. The toial number of non-equivalent irreducible representations of 
a finite group G is equal to the number of classes of Q. 

We further notice a consequence of Theorem 6. The regular representation 
of group G consists of matrices of order m. On the other hand, by Theorem 6, 
it contains each ropresentation w, consisting of matrices of order ny, nip 
times. 

This gives us the equation: 


r 
> =m, (180) 
k=1 


which may be stated in words as: 
THEOREM 8. The sum of the squares of the orders of the non-equivalent irreducible 
representations w" is equal to the order of the group G. 


79. Examples of representations of finite groups. 1. We take the Abelian 
group @ consisting of elements A‘ Al, where i = 0,1,2,...,.m—1; k= 
= 0,1,2, ... n — l, the A, and A, elements commute, A” = F, 43 = E, 
and with ¿ = k = 0 we have to take A? A? = E. Each individual element of 
G forms a class, and all the irreducible representations of the group are of the 
first degree. Let a and £ be values of the mth and nth roots of unity. We associate 
with the element Aj A! the number “a, and thus obtain a group representation, 
as is easily seen..Assigning to a and £ all possible values of the above-mentionod 
roots, we get altogether mn different first degree representations. The total 
number of classes, i.e. elements, is also equal to mn, and all the non-equivalent 
irreducible representations are thus obtained. The construction of the representa- 
tions is similar in the case when the number of factor ‘‘elements” (i.e. of A,) 
is more than two. 

2. We turn to the nth order dihedral group. It consists of the 2n elements: 

E, 4f, T, PA! (¢=1,2,...,n—1), 
where 
A&A" =E; T?=EF; TAT” =A7 ë (T =T). (181), 


The last of the relationships written is immediately obvious from the geometrical 
meaning of rotations A and T. An immediate consequence of this is the rela- 
tionship TAÍ T-! = A-t, First let n = 2m + 1 be odd. The group will now 
consist of (m -+ 2) classes. One of these contains E; m consist of the two elements 
AS’ and A-* (8 = 1,2, ..., m); and one contains all the elements of the type 
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T and TA'. All this may easily be verified with the aid of the above relation- 
ships. 

There exist two first degree representations; in one, the number 1 is associated 
with each element; in the other, 1 is associated with element A and (—1) with 
T. Now let e = cos 2a/n + ¢ sin 2z/n. We can form m second order represente- 
tions by associating with the elements A and T the matrices: 


&, 0 


a 0, «° 














0, 1 
; T> =1, 2, ..., m). 182 
[zol e m. (182) 


These matrices satisfy relationships (181) and in fact yield the group representa- 
tion, sinco evory relationship between elements A and T is a consequence of 
(181). The irreducibility of each of the representations follows from the fact 
that, otherwise, a representation would reduce to two first order representations, 
and the matrices of the representation would have to commute, which is not 
in fact the case for any ¢, as may easily be verified. 

The non-equivalence of representations (182) for different s follows from the 
fact that the matrices corresponding to element A have different sets of charac- 
teristic roots £ and £~" for different s. All (m + 2) non-equivalent, irreducible 
representations have thus been obtained. Equation (180) amounts in the pre- 
sent example to 

2-12 + m-2? =4m4+2 = 2n. 


With even n = 2m, representation (182) corresponding to the value s =m 
has the form 





0, 1|] 
1,0|! 


and splits up into the two first degree representations 

A->(—1); T+(+1) and A-—(-1l); T—(—1). 
To obtain this in addition, it is sufficient to utilize a matrix S such that S7'S-! 
reduces to the diagonal form, the characteristic roots of T being clearly equal 


to +1. Thus with n = 2m, there are four first degree representations and 
(m — 1) second degree. Equation (180) becomes 


4-124 (m— 1) 2? =4m= 2n. 


3. We consideér the representations of the tetrahedral group or, what amounts 
to the same thing, the alternating group isomorphic to it with n = 4 [59]. 
The group consists of four classes and its order is twelve. It must have four 
non-equivalent irreducible representations. The degrees of these representations 
must satisfy the equation 


ni + ni tnt+nt=12. 


This equation has a unique positive integral solution, discounting the order 
of the terms on the left-hand side: 


m =n: =n = l; nn =3, 
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i.e. the group has three representations of the first degree and one of the third. 
In the first degree representations, the same number corresponds to elements 
of the same class, and the correspondences may easily be seen to be as follows 
for these three representations: 


I+]; 1—1; DI+1; IV-l 

I-—1; >l; Woe; IV-2 

I-]; ü=), MW- IV-es, 
where 


2x 
3° 





e= coe + 4 sin 


The third order irreducible representation gives the tetrahedral group itself, 
i.e. the group of rotations of space (third order matrices) for which the tetra- 
hedron is displaced into itself. If this representation were reducible, it would 
have to reduce to three first degree representations, which is impossible since the 
group is not Abelian. The last sections have been concerned with the theory for 
finite groups. An extension to rotation groups requires a more detailed treat- 
ment of infinite groups that depend on parameters. Before we pass to the general 
treatment of these latter groups, we consider the problem of linear representa- 
tions of the Lorentz group. These representations, together with those of the 
rotation group, will serve us as fundamental examples of infinite parametrically 
dependent groups. 


80. Representations of a linear group in two variables. We con- 
structed in [68] linear representations of a unitary group in two 
variables, which led us to linear representations of rotation groups. 
Representations can similarly be constructed of a linear group in two 
variables with unity determinant: 


Ti = az, + ba, 


ad —be=1. (183) 
T3 = cx, + dx, 


This leads us, by what was said in [64], to one and two-valued repre- 
sentations of the group of positive Lorentz transformations. We arrive 
at results entirely different to those of [68]. 

One possible linear representation of unitary group (93) is the repre- 
sentation by the group itself, i.e. the linear representation in which, 
corresponding to a given transformation, we have the same transfor- 
mation. Another linear representation is easily seen to be the following: 
to each transformation (93) there corresponds the transformation with 
complex conjugate coefficients: 


Yi = ay, + by; Yz = — by, + aye. 
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But this representation is equivalent to the previous one, as follows 
directly from the fairly obvious equation: 
































0,1 a,b T, b 0,1 
— 1,0, || ||— b,a — b,a — 1,0 
The conjugate representation for group (183): 
yi =y, +y; yx = TY + dy (184) 


is not equivalent to group (183) itself. To see this, we need only con- 
sider the case b = c = 0. The matrix transformation of (183) now has 
characteristic roots a and d, whilst the matrix of (184) has roots @ 
and d. We can clearly choose complex numbers a and d satisfying the 
condition ad = 1 such that the set @ and d is different from the set 
a and d, so that the corresponding transformations cannot be similar. 
We have thus already obtained two non-equivalent second degree re- 
presentations — the group itsclf (188) and group (184). We discuss 
below the irreducibility of the representations. 

We can moreover construct representations of group (183) precisely 
as we did in [68]. We only need to replace @ by d and b by (—c). This 
gives us the following representation of order (2f + 1), where 7 is a 
gaia integer or half integer: 


- 27 ey G7HG-—HG+HG—Hi__ 
ft. k! (j —k—a)l(G+l—k)t(k+s—D! 


a 1 ojp—k—sl 3 
xXalt!—k pk ok+s—I gi—k (i= 0, > 1, > ga (185) 


Here } and s run over the following values: 
land s= —j,—j+1,....j—1,j, 
and the summation over k is defined by the inequalities: 
k>0;k>l—s,;k<j—s,;k<j+l. 


We have to take 0! = 1 and 0° = 1 in (185). The identity represen- 
tation by unity is obtained with 7 = 0. We can at once write further 
representations in addition to (185) by replacing the numbers a, b, ¢, d 
by their conjugates on the right-hand side of (185). We shall denote 
the corresponding representations as follows: 


D, fa (7 =0, aoe aN (186) 


We can now form a composition of representations (185) and (186) 
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[73], as a result of which a new representation of order (2j + 1) 
(27 + 1) is obtained. We denote this as follows: 


a, b 
Ey i: i ig (187) 


By using (185), we can easily write down the elements of the matrices 
corresponding to this representation. We take two different represen- 
tations (187), though of the same order: 


a, b a,b 
Brat i and Ep, a ( | ; (2p + 1) (2g + 1) = (2p, + 1) (2q, + 1). 
We show that these two representations are not equivalent. We put 
b = c = 0. Matrices (185) now reduce to the diagonal form with dia- 
gonal elements 


Dil al sadist l= —j,-jf+l...j-L). 
0,d H 

The direct product of two diagonal matrices is also diagonal, and 
matrices Ep, and Ep, 4, consequently have the following charac- 
teristic roots for b = c = 0: 


Enq? apt! gp—lqyatm (djam t=—p,—p+l,....p— a 
' m=— q —q +1, ....4— 1,4 


: arth gama (aim (d)u—™. 


P1,91° 

| L= PrP tL. Th 

M = — gr —% tl. ogn lg 
or, on observing that ad = 1: 

Epa: a” (0; Epp: C (a). 

We can take any non-zero complex number for a, and it can clearly be 
chosen so that the set of characteristic roots of the Ep, differs from 
the set of roots of the E,,,,, which proves the non-equivalence of 
representations (187) for different choices of 7 and 7’. We observe 
that, with j’ = 0, representation (187) is the same as representation 
(185), whilst with 7=0 it is the same as the representation obtained from 
(185) with 7 = 7’ and a, b, c, d replaced by their conjugates. A singular 
feature of representations (187) may be noted. They are not equivalent 
to unitary representations. If they were, all the characteristic roots of 
any representation matrix would have to have unit moduli, whereas 
we saw above that the characteristic roots for representations Æp, 


E 
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with b = c = 0 are equal to a”(a)*" and can evidently have moduli 
differing from unity. The only exception is Fy, which is the trivial 
identity representation in which unity corresponds to each element 
of group (183). 

We saw in [66] that, if a given representation, not necessarily equi- 
valent to a unitary representation, is reducible, i.e. equivalent to a 
representation with quasi-diagonal matrices of the same structure, a 
matrix must exist which commutes with all the matrices cf the re- 
presentation and which is not a scalar matrix. Hence, to prove the 
irreducibility of any representation (187), we only need to show that 
any matrix commuting with all the matrices of (187) must be scalar. 
This can be done precisely as in [68]. Representations (187) are thus 
mutually non-equivalent, and each is irreducible. Use is often made 
of a definition of reducibility different from that of [58]: a represen- 
tation is said to be reducible if all its linear transformations (say of 
order n) leave unchanged a subspace Lg, where 0 < k < n. 

We have scen [58] that if a representation reducible in this sense 
consists of unitary matrices, it is reducible in the sense of the definition 
of [65], i.e. it is equivalent to a quasi-diagonal representation. If a 
representation is not unitary, reducibility in the sense of the definition 
of [65] does not follow from the invariance of a certain subspace. 
It can be shown that every group representation (187) is not only 
irreducible in the sense that we have indicated, but it leaves no sub- 
space unchanged. It can further be shown that every linear represen- 
tation of group (183) is either equivalent to one of representations 
(187), or equivalent to a representation having a reduced formula 
and consisting of several of representations (187). 

We saw in [73] that the composition of two linear group represen- 
tations is equivalent to multiplying the objects of the representations. 
We can say in view of this that the objects of representations (187) 
are the expressions 
itke yl 

VGFENG—H! VE +E EN 
k=j, j—l,....—j+1l— i 
k=, f-t) 


Nkk’ 


where x, and z, undergo transformation (183) and y,, y, undergo (184). 

We have spoken so far of linear representations of the group con- 
sisting of positive Lorentz transformations [64]. The positive trans- 
formations form only a part of the Lorentz transformations with 
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unity determinant; in addition, there exist the Lorentz transformations 
with (—1) determinant. The study of the structure of these more 
general sets of transformations and the extension of linear represen- 
tations of the positive Lorentz transformation group to the total 
Lorentz group presents certain special features by comparison with the 
group of orthogonal transformations in three-dimensional space. It 
must be noted that we can Jay down the requirement, when defining 
the total Lorentz group, that the direction of measuring time remains 
unchanged. In this case, we must add reflection to the Lorentz group: 


’ 3 Pat 2 ro aa eee 
zi = — 2%); Lo = — %3; Ty = — Vy; Tı = T4- 


A discussion of all the points mentioned can be found, for instance, in 
Cartan’s Leçons sur la theorie des spineurs (Hermann, Paris, 1938) 
and in Van der Waerden’s Die gruppentheoretische Methode in der 
Quantenmechanik (Springer, Berlin, 1932). 


81. Theorem on the simplicity of the Lorentz group. We now show, 
by using a method similar to that employed in [70], that the Lorentz 
group is simple. For this, we only need to prove that there are no 
norma] subgroups for the group G of transformations (183) other than 
the subgroup consisting of matrices E and (—Z). Suppose there is such 
a subgroup H,, containing the matrix 


la, 6 |! _ 
le, all (ad — bc = 1), 


differing from # and (— £). We want to show that H; is the same as G. 
If H, contains a matrix B, it also contains all the matrices U-! BU, 
where U is any matrix of G. On taking into account the basic result 
concerning the reduction of matrices to the canonical form, as also 
the fact that the determinant of the matrix U, reducing any given 
matrix to the canonical form, can always be taken equal to unity [27], 
we see that it is sufficient to show that H, contains in the first place 
matrices with any permissible different characteristic roots t and t-t, 
where ¢ is any complex number differing from zero and (+1). We 
observe here that the product of the characteristic roots of a matrix 
of group G must be equal to unity. In the second place, H, must con- 
tain matrices Æ and (—£), and furthermore, taking into account the 
case of equal characteristic roots and of a double elementary divisor, 
we have to show that H, also contains the matrices 


11,0 —I, 0 
re jii 


A= 





and ; (188) 
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We take a variable matrix of group G: 


zy 
z, x 


X= (z? — yz = 1) 














and form the matrix 
Y = A(XA7X-) 


which, as in [70], must appear in H,. We obtain for the trace s of Y: 
s = 2+ bz? + cy? — [(a — d)? + 2be] yz- 


Since A differs from E and (—£), we cannot have simultaneously: 
b = c = 0 and a = d. Hence s is not constant, and on varying z and 
y, we can assign to s any complex values. The characteristic roots of Y 
are given by the quadratic equation 


R—sA+1=0. 


We can thus obtain arbitrary values ¢ and ¢-! for these roots, and 
consequently H, contains all the matrices with different characteristic 
roots and unity determinant. H, clearly also contains Æ, as also (— E), 
which can be written as the product: 


— E = [t,t] = [— i7, — t], 


where each factor belongs to H,. Moreover, matrices (188) are readily 
written as the products of two matrices with unity determinant and 
with different characteristic roots, whence it follows that H, also con- 
tains these matrices. For 


WEH 
Fe al-fepae a 


We have now shown that H, must coincide with G, ie. G has no 
normal subgroup except that consisting of # and (—£), and the 
positive Lorentz transformation group is shown to be simple. Hence 
it follows as in [70] that the group cannot have homomorphic (not 
isomorphic) representations. 





oll 
| 
f| 








|6 o| 
1 1 
A, 4 | 





(B #0 and + 1) 
—8, 0j 
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82, Continuous groups. Structural constants. The groups of rotations 
of three-dimensional space and of positive Lorentz transformations 
provide examples of infinite groups which depend on continuously 
varying parameters. The role of parameters can be played say by the 
Eulerian angles in the case of rotation groups. The groups consist 
in these cases of linear transformations, and the parametric dependence 
of the groups amounts to the parametric dependence of the elements 
of the matrices by which the linear transformations are defined. 
Groups of linear transformations are discussed below. 

Let the matrix elements aj, of the linear transformations forming 
a group G be functions of 7 real parameters a,,a,,...,a,, and let 
certain conditions which we shall indicate next be fulfilled. Let the aig 
be single-valued functions of the a, for all values of these parameters, 
sufficiently close to zero, and let the identity element of G, charac- 
terized by the conditions a; = 0 for i # k and aj = l, correspond 
to the zero values of the parameters a, = a, = ...=a,= 0. Suppose 
further that definite values of the as, sufficiently close to zero, corre- 
spond to the elements of G neighbouring the identity element. The 
closeness of a group element to the identity element amounts to the 
fact that the elements aip of the corresponding matrices are near zero 
for i + k and near unity for i = k. We have with these assumptions 
a one-to-one correspondence of elements of G in a certain neigh- 
bourhood of the identity element with points of a neighbourhood 
round the origin of the real 7-dimensional space 7,. We shall 
consider later, not just this local one-to-one correspondence, but 
a one-to-one correspondence as a whole, in which to each element 
of G there corresponds a definite point belonging to a domain V of 
the space T, containing the origin as an interior point, and conversely, 
to any point of V there corresponds a definite element of G. For the 
present, we only require the above local correspondence. Elements 
of G will be written G., Gs, G, ete., corresponding to parametric 
valucs as, Bs, ys (8 = 1, 2, ..., 7). Taking the local view-point, the 
parameters must be fairly close to zero and the group elements fairly 
close to the identity element. 

We consider a product of group elements: 


Gp Ga = Gy- 


The parameters ys characterizing the element G, obtained as a result 
of the above multiplication are single-valued functions of the a, and ĝ;: 
r 


Ys = 9,(B,, Bz aieia B,; ay, ay, co ey a,) . (189) 
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We take these functions to be continuous, with continuous derivatives 
up to the fourth order for all a, and £, fairly near zero. 

The correspondence of the identity element to the zero values of the 
parameters gives us at once: 


Pelr Bo, a br 0,0, oe deat | 0) = 8; 


s=1,2,...,7), 190) 
p(0,0,..-,0; Qis 0, ..-, a) =a, ( ) ( 


whence 
a = iz for a, = 0; 
dp; (s=1, 2,..., 7) (191) 
ap, = n for b; = 0. 


The parameters a, corresponding to the inverse element GJ! are 
evidently given by 


~ 


Pl Ga, -p G5 Oy, OG, ---, a) =O (s=1,2,...,7), (192) 


these equations being valid if all the a, and a, are set equal to zero. 
The functional determinant of the left-hand sides of equations (192) 
in a, is, by (191), equal to unity for a, and a, equal to zero. Hence, 
by the implicit function theorem, equations (192) define the a, as 
continuous functions for all a, fairly near zero, the a, being zero for 
a, = 0. We expand functions (189) in powers of a; and fs, using 
Maclaurin’s formula, the expansion being carried out as far as the 
third order terms. We obtain, on taking into account (190) and (191): 


Ys = as + Ps + = af% a; By + 2, af), 1 a; ay Pi + 


+ A, BO, 1; Bx By +e, (193) 


where the af}, al. 1 and bf? ı are numerical coefficients, £® is of not 
less than the fourth order of smallness with respect to a, and fs, and 


the summation is over 7, k and 1 from 1 to r. The numbers 
CY =aP—aAP (8,4,k=1,2,.-.,7) (194) 


are known as the structural constants of group G for the parameters as 
chosen. 
If we bring in new parameters a; instead of as: 


d,=0,(4,0},-..,01) (8=1,2,...,7), 


so that (1) ,(0, 0, ..., 0) = 0, (2) the equations written are uniquely 
soluble with respect to the a; for all a, sufficiently near zero, and (3) the 
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functions w, have a sufficient number of derivatives, then the struc- 
tural constants in the new parameters a; will be different. 
Tt follows at once from definition (194) that 


c = oe: Ch. (194,) 
The following further relationships between the structural constants 


can be proved by using (192) and the associative rule for multipli- 
cation of the group elements: 


PAGA CY + CQ CH + CL CH) =0 (iJ, k,t=1,2,..., 7). (1949) 
$=1 


These relationships will not be used and their proof is omitted. 

We return to (193). With a, and f, sufficiently near zero, the ys 
will also be near zero. Taking (191) and the implicit function theorem 
into account, we can say that (193) are soluble with respect to the £s 
in some neighbourhood of the origin of the space T,: 


By = PY Yo ->er Yri Qp Gg ---, 2) (8 =1,2,..., 7). (195) 
We note here that the condition: 8, = 0 (s = 1, 2,...,7) is equi- 
valent to the condition: y, = a, (s = 1, 2, ..., r). We use (193) and 


(195) to form two square matrices S(a,) and Z'(a,) of order r with 
elements Sj,(a,) and 7,(a;) depending on parameters as: 


ð yi — (2h 
Six (as = (Ga), Pix (as) ~~ (lca 
(si k=l, 2,...,7). (196) 


On recalling the differentiation rule for functions of a function and 
calculating the derivative of y; with respect to y, or the derivative 
of pi with respect to Sm we get: 


S(a)T (a) =E and T(a,)S(a,) = E, (197) 


where # is the unit matrix of order r. It follows from (191) that S(as) 
becomes the unit matrix for a, = 0. In view of (197), it now follows 
that T(a,) has the same properties. The structural constants may 
readily be expressed in terms of the elements of these matrices, in fact: 


(p) — OS px (as) = OSpi (as) 
CY = (Fase pee Jazo . (198) 
or 
OF pi (2s) OF px (as) 
(p) — | PINs! _ UT pk At s! 
Ch = ( Oa, da, Ea (199) 
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For we have from (193) and (196): 


(p) (p _ ( BSpx (as) 
R= (otr Jenene ( da; Jeca (200) 
and we can write on interchanging subscripts i and k: 
as, 
ant = ( pia h (201) 


whence (198) follows immediately. We have further, on taking (197) 
into account: 


2 S pj (25) T jx (Gs) = Ôpk- 
j=l 


We differentiate both sides with respect to a; then set all the a, equal 
to zero. Recalling that S(a,) and T(a,;) become the unit matrix for 
as = 0 (s = 1, 2, ...,7), we get 


S5 Je. ae J= 0, 


ƏT pr (2s) 
W) —— Pk (3s 
ik =e ( 0a; Joos! 


i.e. by (200): 


whence (199) follows as above. Expressions (193) define the basic 
group operation that gives the parameters ys corresponding to the 
product G; Ga in terms of the parameters a, and fs of elements Ga 
and G;. It is clear from (193) that, for a, and 8, near zero, the group 
operation reduces as a first approximation to: ys = as + fs, so that 
the group is Abelian to a first approximation. If the group is strictly 
Abelian, we have 


Ps (By Bz i hee br a, Q2, es -, ,) = P; (Q1 ay, =R +2 G5 By Bo, POET B,) 
(s=1,2,...,7) 


and af) = af) in expansions (193), ie. all the structural constants 
vanish for an Abelian group. For groups of a general type, the second 
order terms in (193) produce a trend away from commutativeness, 
the trend being indicated by the presence of non-zero structural con- 
stants. An expansion of the parameters a, corresponding to the element 
Gr! may readily be obtained by using (193). We do this by putting 
ys = 0 in (193) and replacing 2s by as. We get by the ordinary rule 
for differentiating implicit functions: 

d= —a,+ Ya aat EP, 

ik 
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where «© is of at least the third order of smallness with respect to 
Oy, Cay sins Are 


83. Infinitesimal transformations. Suppose we have, as above, a 
continuous group G of linear transformations of order n defined by 
parameters a, ($s = 1, 2,..., 7). We shall write G, as above for the 
matrix of the transformation corresponding to parameters as, so that 
a linear transformation has the form 


x= Gu, (202) 


where u is any vector of the complex n-dimensional space #, and x 
is the transformed vector. We bring in the operation of matrix differ- 
entiation: if the elements of a matrix A are differentiable functions 
of a parameter t, the derivative of A with respect to t is defined as the 
matrix whose elements are the derivatives of the elements of A, i.e. 
{ aA l — AAi 
dt Jik di ' 
We obtain partial derivatives if the elements of A depend on several 
variables. 

Similarly, if the components of a vector z(z,, Z» ..-, Zn) of the space 
En are differentiable functions with respect to ¢, dz/dé is defined as the 
vector with components dz,/df, i.e. differentiation of a vector amounts 
to differentiation of its components [II, 107}. 

We now introduce the so-called infinitesimal transformations of a 
group G: 





n= (St) (k=1,2,...,7). (203) 
The symbol J, clearly denotes a matrix of order n with numerical 
elements. 

We now return to (202) and let u be a fixed vector, i.e. its components 
are independent of the a,. Obviously, the transformed vector will in 
general depend on the parameters, and we next derive the fundamental 
differential equations of this vector. For this, we apply to both sides 
of (202) the linear operation defined by matrix G,: 


GX = Gu, 


where G, = Gs Ga, and parameters y, are given in terms of as and fs 
in accordance with the basic group operation (193). We differentiate 
both sides of the last expression with respect to fp then put f; = 0, 
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i.e. Ys = as. We obtain on using definition (203): 


yx SP 0° 


ja 





The first factor under the summation sign is evidently equal to the 
derivative of the right-hand side of (202) with respect to aj, and if we 
recall notation (196), we can re-write this last equation as 


< ox 
IpI = Y Sip (45) 5 (p =1,2,...,7). 
i 





If we introduce the vectors 


ox oO ox 
x(q Oa,’ see BE] and Y qx, I,x,..., IX), 


we can now write the above as a linear transformation: 
Y = S* (a) X, 


where S*(a,) denotes the transposed matrix as usual. We find, on 
multiplying on the left by T*(as) and taking (197) into account: 


x= T* (a,) Y, 


or in the expanded form: 


oe SF (o) jx (p=1, 2, side Pie (204) 
P j=l 


We have for the components z, of the vector x defined by (202): 


ae = S Tpl) > {Lue ( 
Ja fai 


ap 


a | 
p=1,2,...,7 





): (205) 


where the {Ij}, are the components of matrix I;, We must add to 
equations (204) for x the initial condition, following at once from (202): 


X| -0 =U, (206) 


where u is an arbitrarily assigned vector. We observe that the T ;p(as) 
appearing in the coefficients of (204) may be found directly in accord- 
ance with group operation (193). Equations (204) lead us to relation- 
ships between the J;,; these may be derived simply by writing down 
the condition that the second derivative of x with respect to a, and 
a, is independent of the order of differentiation. 
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We have from (204): 


2 f 
a A (TE Tix + Tol) lg) 


day 3a 


a 





or, on replacing 6x/da, by its expression from (204) with p = q: 


Ox = > MO Tr4 SST (a,) Pig (a) I; Tex 
Gap ag F da 4 jai et a Ea 





On interchanging p and q in the above and equating right-hand sides, 
we get the following corollary of system (205): 


| > (= (as) — Be oe )z, I. $ 


j= Oa, 


=1 k=1 


+ Š $ Cp (e9) Male) — TTE (207) 


We put all the a, equal to zero in this relationship. We now have, 
on taking into account (199) and the fact that T(as) = E, when all 
the a, vanish: 


r 
|S oR L; + (Ip I, — 11,)] =0, 
j=1 

whence, in view of the arbitrariness of vector u, we have the following 
relationships between the infinitesimal transformations: 


LI -I= Q1; (p,.g=1,2,-..,7)- (208) 
IS 


We have found the J; and proved relationships (208) by starting 
from a given continuous group G and using equations (204). We show 
that this system, or what comes to the same thing, system (205), has 
a unique solution for the given initial condition (206). Suppose there 
are two solutions. In view of the linearity of (204), their difference 
must also satisfy the system and must become the null vector with 
as = 0. We thus want to show that the solution x of (204) with the 
zero initial condition is identically zero. To simplify the writing we 
shall take 7 = 3. Let our solution be x(a., a,, a). We write (204) for 
p = l and put a, = q = 0 on the right-hand side. We get an ordi- 
nary differential equation with a, as independent variable and the zero 
initial condition. The solution is identically zero by the familiar unique- 
ness theorem [II, 50], ie. x(a, 0,0) = 0. We now write (204) with 
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p = 2 and set a, = 0 on the right-hand side. This ordinary differential 
equation with a, as independent variable has the zero initial condition, 
as we have just shown: x(q,, ap 0) = 0 for a, = 0, and consequently, 
by the uniqueness theorem, x(q,, a, 0) = 0. We now write (204) for 
p = 8. This ordinary differential equation has the zero initial condition 
X(@,, az, a4) = 0 for a, = 0, and consequently x(a, az a3) = 0, which 
is what we wanted to prove. 

Hence (204) can only lead to a single finite transformation (202) 
for given infinitesimal transformations J; and given T;p(as), which are 
defined by group operation (193). In other words, the infinitesimal 
transformations define a group. This is essential as regards what 
follows. The proof of the existence of a solution of (204) is based 
on a general theorem for partial differential equations, which, as 
far as (204) is concerned, may be stated as follows: the necessary 
and sufficient condition for (204) to have a solution for any given 
initial condition (206) is that the square bracket in (207) vanishes 
identically with respect to a, for any choice of p and g. We shall make 
no further use of this existence theorem. 


84. Rotation groups. We take as an example the group of rotations 
of space about the origin. The corresponding third order matrices 
depend on three parameters. The role of parameters can be played say 
by the Eulerian angles. We shall now introduce different parameters 
Qp Gy, đa in which all our future working will be performed. Any ro- 
tation may be considered as taking place about some axis l, passing 
through the origin, in a counter-clockwise direction and by an angle 
not exceeding x. Two rotations by an angle z about axes in opposite 
directions now lead to the same final position. We can thus look on 
any rotation as a vector from the origin in the direction of the axis 
of rotation and with a length equal to the angle of rotation. The pro- 
jections (a,, ag, a3) of this vector on the coordinate axes in fact serve 
as our parameters. 

If we take a sphere V with centre at the origin and radius z and look 
on the ends of any diameter as identical, a one-to-one correspondence 
may be established between the points (a,, a, a) of the sphere V and 
the elements of the rotation group. This applies not only in the neigh- 
bourhood of the origin and the identity element, but for the group asa 
whole, if we take the whole of the sphere V. All the matrices of the rota- 
tion group can be expressed in terms of parameters a,, a,, a, and the 
continuity and existence of derivatives mentioned above are satisfied. 
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We shall not deduce (193) for the basic group operation in the 
present case; instead, we determine the structural constants by evalua- 
ting directly the matrices of the infinitesimal transformations. 

To evaluate J,, we can take a, = a, = 0, differentiate the trans- 
formation matrix with respect to a, then set a, = 0. But for a, = 
= a, = 0, we have a rotation about the z axis by the angle a, which 
leads us to the formulae: 


ld 
m = 2 
% = T, COS Q} — Tz SID Ay, 
z3 = T, BİN a, + T3 COB Q. 


We obtain on differentiating the matrix of this transformation with 
respect to a, then setting a, = 0: 


hg 0, 0 
I,=|/0, 0, —1}. (209) 
0, 1, 0 
Similarly, 
g | 0, 0, 1) ‘beara 
h=j o, 0,0l; Z&=l1, 0, of. (210) 
i—1, 0, 0 lo, 0, o| 





We can now evaluate the left-hand side of (208) and thus find the 
structural constants. Elementary working leads us to the following 
three relationships: 

If, — 1,1, = Is; I, 13 — Il = 1,3 LI — LJ =h- (211) 

If we expand the right-hand side of (202) in powers of a, and con- 
fine ourselves to first order terms, we get 

x=u-+t (a lı + a Iz + ag) a. 
Hence u undergoes the following change as a result of the transfor- 
mation: 
ôu = a, J u + aœ Lu + alu. 

Each term on the right gives the change of u for a small rotation 
about one of the coordinate axes. For instance, we get the following 
change in the components (U, Uz, %3) of u for a rotation by the small 
angle a, about the x axis: 

6u,=0; ÔU, = —Uga,; bug = uz Q. 


Here, as above, we have confined ourselves to first order terms in ay. 
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85. Infinitesimal transformations and representations of the rotation 
group. We next show the connection between the above discussion 
of infinitesimal transformations and representations of the rotation 
group. We shall assume a one-to-one representation in the neigh- 
bourhood of the identity transformation by matrices F(a,, a, ag) of 
order n, the matrix elements being assumed continuous and differen- 
tiable functions of the parameters a,, a,, a}, Any rotation D can be 
obtained as the product of a finite number of rotations of the above 
neighbourhood, and the product of the corresponding representation 
matrices gives the representation for D. The representation as a whole 
may be many-valued, however, since we can return to the initial ro- 
tation by continuous variation of the parameters and hence obtain 
a new representation for this rotation. We had this situation previously 
in the case of two-valued representations of the total rotation group [69]. 

We have the same group operation for matrices F(a, a), a,) as for 
the rotations themselves, and consequently the same structural con- 
stants. We can form infinitesimal transformations J; for the group G’ 
of matrices F(a, a, az). The I; will be nth order matrices connected 
by expressions (211). If the Z, can be found, we can write down differ- 
ential equations (204) for a vector x of Rn, since the T;plas} are defined 
solely by the group operation. These equations have a unique solution 
for a given initial condition (206), and this solution can clearly only 
be the transformation 


x= F (0, a>, a2) u 


which gives the representation of the rotation group in the neigh- 
bourhood of the identity element (transformation). 

In the present case, r= 3, and on passing to the components of x 
in (204), we get 3n equations for the n components of 


K(X, La,» ++, Lp)- 


The only point of importance to us below is that (204) cannot have 
more than one solution for a given initial condition (206). As already 
mentioned, this can be stated as follows: a representation of the rotation 
group is fully defined by its infinitesimal transformations I,, I», Ig. 

It is thus entirely a question of determining the infinitesimal trans- 
formations of the representation, and we shall now consider this. We 
introduce new required matrices instead of L, I,, I: 


A,=—I1,+%],; 4,=1,+ il; A, = ids. (212) 
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The following relationships are easily seen to hold between these, 
instead of (211): 
A, A, — A, As = A, 
A, A, — A, Az = — A, (213) 
A, Ay — A, A, = 243. 


The representations by matrices F(a, a@,, a,) must include, in parti- 
cular, the representation of the Abelian group of rotations about the 
z axis, to the elements of which the matrices F(0, 0, a,) correspond. 
All these matrices simultaneously take the diagonal form by a suitable 
choice of fundamental vectors, since irreducible representations of an 
Abelian group are of the first order. Transformation F(0, 0, a3) be- 
comes, for these fundamental vectors [69]: 


F (0, 0, a,)v =e yv 
or, on setting l = — im and writing Vm for v: 
F (0, 0, G3) Ym = C71" Vn» 


Since the condition that the representation be single-valued is laid 
down only in the neighbourhood of a, = 0 (s = 1, 2, 3), we cannot 
assume that m is an integer. We obtain from the above, on the basis 
of the definition of J: 

Ag Ym = ilg Ym = il F (0, 0, a3) Ym] =i (se e— imag Ym) = Mm. 
Hence 

Ag Ym = MY m: (214) 


i.e. Vm is the eigenvector of the operator A;, corresponding to the eigen- 
value m. If there are several eigenvectors, Vm denotes one of them. 

We now prove the following lemma: 

Lemma. If vis the eigenvector of operator A, corresponding to the eigen- 
value a, Áv, if it differs from zero, is also an eigenvector of A, cor- 
responding to the eigenvalue (a + 1), and similarly A,v is an eigen- 
value of As, corresponding to the eigenvalue (a — 1). 

We have A,v = av by hypothesis, whence by (213): 


A, (A, v) = (4, 43 + 4) Y = A, (Agv) + Ap = 
= A, (av) + 4 y= (a + 1) A,v 


and similarly 
Ag (A, v) = (a = 1) Agv. 
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The number of different eigenvalues of A, is not greater than n. 
There will be one or several of these with a maximum real part; we 
call this value (or one of the values) j, and write v, for the corresponding 
eigenvector. By our lemma, A,v; must relate to the eigenvalue 
(j + 1), whereas, by definition of j, there is no such eigenvalue of A 
so that we must have 


A,¥;=0. (215) 


By the lemma, the vectors 


Vina = Agvys Vig = Ag Yj; --- (216) 


relate, if not zero, to the eigenvalues (f — 1), (j — 2), ... of operator 
A,. Vector sequence (216) must naturally lead to the null vector in 
the end, since the number of different eigenvalues for A, is not greater 
than n. We now prove the formula 


A= (k=j}j= Lj- 2.) (217) 
where the px are integers. This is true for k = j by (215), in which case 
gj = 0, whilst the null vector can be taken, say, for vj} We now 
suppose that (217) is true for any of the & concerned, and show that 
it is true for (k — 1). We have by (213), (216) and (217): 

Ay Vay = Ay (Ag vy) = (Ag Ay + 243) Yy = 
= Ag (Ay Ya) + 24 Vk = Ap (Or Y1) + 2% = (On + 2k) vy- 
We remark that, with k = j, we make no use of the expression 
Ag Vn 41 = Yrs 
because 9, = 0 for k= 7. Equation (217) is thus proved, and the 
numbers p, are defined by the relationships: 
Ox. = Ox + 2k; a, =O (k=9,j7—1, --.). 
We obtain by calculating the values successively: 
ek=} (j + 1)— k (k+ 1), 


i.e. ; 
Arv =[} G +1) — k (k + 1)] r+ (k=j,j7—1,...). (218) 
We use these equations to find the subscript s of the first of vectors 
(216) that vanishes, i.e. v, = 0 and V,,; #0. It follows from (217) 
that os = 0, Le. 
fG4+1)—8(s+1)=0. 
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This is a quadratic equation in s with roots s = j and s = —(j + 1). 
The value s = j is unsuitable, since v; is not zero and does not appear 
in sequence (216). Hence the vectors of (216): 


Vj» Vj—1> sey V_j41> v_j (219) 


differ from zero, and A, v_; = 0. There are (27 + 1) of these vectors, 
whence it is clear that j is either a non-negative integer or half a 
positive odd integer. If 2j + 1 = n, we can take vectors (219) as the 
fundamental set in space Rn. On the other hand, if 2) + 1 < n, they 
form a subspace L,;,, in Rn. Suppose that this latter case holds. Each 
Y; of sequence (219) satisfies the equation: 


Ag vy = kvg (k=j,j7—1,...,-—7+1, — ĵ)- 


We have further, A, Yk =v,-,, where v;_, = 0, together with (218). 
The operators A,, A» A; displace subspace L,;,, into itself, and the 
above formulae fully define the operators in the subspace. Moreover 
it follows at once from (216) and (218) that there is no subspace Ly 
inside L,;,,, where 0 < k < 2j+ 1, which remains unchanged on 
application of operators A,, 4, A, Having found the Ap, we can con- 
struct for the subspace L,,,, the equations (204), which are necessarily 
satisfied by the vector 


x = Fj (ay, ay, as) 0 (220) 


of the required representation in Z,;,,. This representation can leave 
no subspace Lp of L,;,, invariant, i.e. it is irreducible in L,;,,, since 
otherwise every A, would have to leave Ly invariant, and this is untrue, 
as we have just seen. If 2j + 1 = n, the above discussion applies to Rn 
as a whole. With 2j + 1 < n, we have distinguished from the total 
representation in E, a representation of order (27 + 1) which is irre- 
ducible in the sense indicated, i.e. it leaves invariant no subspace L, for 
which 0 < k < 2j + 1. A direct consequence of our arguments is that 
there exists only one irreducible representation, leaving aside similar 
representations, of a given degree. Yet we have already formed irredu- 
cible unitary representations of any given degree in [69]. 

These in fact account for all the possible irreducible representations, 
and the representations based on operators A, that we have con- 
structed in Z,,,, must be similar to them. 

Vectors (219) can be multiplied by an arbitrary non-zero numerical 
factor. In this case, numerical factors also make their appearance in 
(216) and (218). The factors can be chosen so that the following 
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relationships are finally obtained: 


Ayre = VIG + 1) — k (kt 1) Megs 
AY = Vj G+ 1) — k (k — 1) vk (221) 
Az Yk = kvy, 
where vj} = 0 and vj = 0. 
We obtain with this choice of factors the same representations as 
were formed in [69] by starting from the quantities 
aft! a —t 
TEULE 
The construction indicated above makes it possible to separate out 
the irreducible parts of any representation. All in all, it is a ques- 


tion of seeking the eigenvectors v; of operator A, with the maximum 
eigenvalue and forming (216). 








M = (222) 


86. Representations of the Lorentz group. We take the group of 
linear transformations with unity determinant: 


zi = am, + T ae E (223) 
% = CT, + dz, 

A transformation matrix contains four complex coefficients, with one 

relationship between them. Since three complex quantities remain 

arbitrary, we have six real parameters. We introduce these para- 

meters by denoting a transformation matrix as: 


ema 


; (224) 
ds + tag, d(a,) 











where 
1+ (a, + %4,) (a5 + ta ) 
d (a,) = 1+ a, + ta, > 
We obtain six infinitesimal transformations J,, which are readily con- 
structed. To find say JI,, we have to put all the a, except a, equal 
to zero in A, differentiate A with respect to a,, then set a, = 0. 
We find in this way that 














' 1, 0 0 F 0, 1 
I = p |: z= |; 

0, —1 | ~ fo » th 0, 0| 

j 0, ż¿ 0, 0 : 0, 0 
i= =| |; = À |. 

0, 0 li, 0 | 2, 0j 
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The structural constants o9) appearing in (208) must be real by de- 
finition, and they can be determined from the relationships: 


6 F 
K-K = SOR (P<g; pa=L 2 +6). 
= 


It must be observed here that no linear (non-trivial) relationship 
with real coefficients exists between the matrices Jj, so that the 
following fifteen relationships can be obtained: 
ty —134, = 203, GK- D = 244, II; — I;I, = 214, 
II; — I;I = — 2I}, Li — IIi = — 2I IIg — I;I, = — 21, 
I;I; — I;I; = I, Iz I; — I;I; = I}, II; — I; l; =I; 
LI =L= — 2}, KĘ- =0, 
I,II; — (i= 255, ILI, — I,II; =0, 
II—I = — I, Gu- KI; =0. 

If J, (k=1,2,...,6) are infinitesimal transformations for any 


representation of the group in question, they will also be connected 
by fifteen relationships 
6 
Ipla — Ilp “ZORI 
with the same coefficients ov. If we introduce the notations: 


I+ il, =24; I;+¢1,=2A4,; 1,+%I,=44,; 


. g (225) 
I, — iI, = 2B; I, — tl, = 2B; I — tl, = 4B, 
the fifteen relationships may be written as follows: 
A,B,—B,A,=0 (p, g=1, 2, 3) (226) 

together with the six relationships: 
dzd, — 4,43 = Ay, BB, — B,B, = B,, 
AzA == A, á; = — á», (227) BB, = BBs = B,, (228) 
4,4, = A,A, = 24}, BB, — B,B, = 2B}. 


Notice that relationships (226) and (227) are satisfied trivially if we 
take the matrices 7%, since in this case Aj, = 0 (k = 1, 2, 3). Relation- 
ships (227) are the same as (213) and the arguments of the previous 
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section remain in force. We apply the relationships to the infinites- 
imal transformations of any linear representation of group (223). 
If v; is the eigenvector of operator A, related to the maximum eigen- 
value, there are (2j-+1) eigenvectors vw (k=j, 7—1,...—j7+1, —ĵ) 
of operator A, which are transformed by operators A,, A,, A, in 
accordance with (221), where vj} = 0 and v_j;_, = 0. Let Lp be the 
subspace formed by all the eigenvectors of A, related to the eigen- 
value j. We show that if v belongs to L”, the vectors B, v (¢=1, 2, 3) 
also belong to LO, For, by (226): 


A; (Bay) = B,(Agv) = B, (jv) = 7B,y, 


whence it follows that B} v is the eigenvector of A, corresponding 
to the eigenvalue j (or is the null vector), i.e. Bv belongs to LO. 
We can repeat our arguments of [85] for LO, replacing operators A, 
by B. The vector sequence vje (k = 7’,j’—1,..-, —j’ + 1, —7’} 
can thus be formed in LO, the vectors being transformed in accor- 
dance with (221) with 7 replaced by 7’ and A; by By. On repeated 
application of the operator A,, each vj, yields (27 + 1) vectors vis 
(k=j,j7—1,..., —j + 1,—7). We thus finally obtain (27 + 1) 
(27° + 1) vectors vw, for which the following relationships hold: 


> 


Ae = VIG F 1) — k (k + 1) Yeti, w 
Aie = VFG FD) — klk — 1) yy ws 
AY = EY yy", 

Bye = Vii +1 ke +1) EFSI 
BNr = IG+1)-— ki(k’ — 1) Yk, k'r’ 
Byvige = kge- 


(229) 


These expressions define operators A, and B, in a (27 + 1) (2j’ + 1)- 
dimensional space, and operators J, are defined in accordance with 
(225), after which equations (204) can lead only to a single linear 
representation of the group. This is the representation that we formed 
in [80]. 

We have followed in these last sections the lines of the treatment 
in van der Waerden’s Die gruppentheoretische Methode in der Quan- 
tenmechantk (Springer, Berlin, 1932). 


87. Auxiliary formulae. We return to the formulae of [82]. We have 
Gla = Gy, (230) 
the y, being given in terms of a, and ĝin accordance with (189) or (193), which 
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define the basic group operation. We form a matrix which we denote by 
S(G, Ga), depending on variables a, and §,, i.e. on the group elements G, and 
Gp; the elements of the matrix are given by the following formulae: 


Six (Gp, Ga) = me (t,k=1, 2,...7r). (231) 
We have already considered this matrix in [82] for £, = 0, ie. with G; = F, 
where Æ is the identity element of the group. Let us investigate the properties 
of the matrix. An immediate consequence of the definition is: 


S (Gp E) =I. (232) 
We show that also: 
S (Gg, Ga) : S (E, Gg) = 8 (E, GgG,)- (233) 
We put G, = Qar Qar: 80 that 
Gy = G paa = (Cpa) Ga, = Caw (Ga = Glar). 


‘We use the rule for differentiating functions of a function: 


ee wy 
a SH að = 5s (Gs, Ga) Ssk (GpGa), 


whence 
S (Gg, GaGa) = S (Ga Ga) S (Gp, Ga-)- 


If we put Gg = E, Gar = Gz and G,, = G, in this equation, we obtain (233). 
With G, = Gz}, we get an expression for the inverse matrix to S(H, Gs): 


S- (E, Gg) = S (Gp, GB"). (234) 


Matrix S(E, Gz) becomes S(f,) in the notation of [82], and the inverse matrix 
becomes 7'(f,). We shall write these at the moment as S(@,) and T(@,): 


S (E, Gs) = S (Gg); S1(£,G,) =T (Gp). (235) 
We have 
S (Gp) T (Gp) =T (Gs) S (Gg) =E. (236) 
Equation (233) gives 
S (Gp, Ga) = S (£,G,) S~! (E, Gp) =S (Gy) S-t (Gs), (237) 


and (231) can be written in the form 
Ot E Sy (Gy) Te, (Gp) (238) 
On multiplying both sides by 7,,,(G,) and summing over i, we get by (236): 


> Tm G,) ao = Ting (Gp)- (239) 
i=] 


308 THE BASIC THEORY OF GROUPS AND LINEAR REPRESENTATIONS OF GROUPS [87 
We differentiate (238) with respect to fı: 


ay; 3 OSis (Gy) dyp 


BOR. OT sx (Ga) 
06,08; A yp OB; Tor (Gp) + 35 (¢,) 


eB,” 


whence, using expression (238) for dy,/08;: 


Oy; ky OSs (Gy) ; iG 
apap T 2, Hp Son Gy) Ty (Cp) Tor (Gp) + Zs: (0p PaO 


On interchanging k and J on the right-hand side, using the independence of the 
left-hand side on the order of differentiation and interchanging the variables 
of summation s and g, we get 

Ş E Sis C s 


5, Prd = 


Cy) Se 


Spg (Gy j= Sps @»)r ql (Gp) Tsk (Gp) = 


Z : OT, (Gp) _ OTs (Gp) 
=- Zs oy [ge — ae 


We multiply both sides by the product S,(G5) Sieg(@ a) Tnj(G,) and sum over 
i, k and 7 from 1 to r. Taking (236) into account, we get the equivalent system 
of equations: 


< T OSig (Gy) OSiz (Gy) i = 
a OYp Sor (Gy) — app Spg (G. »| Thi (G,) 


aa 3s OP i (Gp) _ Tr (GP) 
z = Sy (Gp) Seq (Gp) | u CM ar 7 |: 


We easily pass from these equations to the above, by multiplying both sides by 
the product T'y,(@g) Tke (Gp) Sin(@g) and summing over f, g, and h. In the 
latter system, the left-hand side depends only on y, and the right-hand side 
only on £,. Hence, in view of the arbitrariness of G, in (230) and the independence 
of 8, and y, both sides of the last equation must be equal to the same constant, 
and in particular: 


< OP ng (Gp) _ ƏT u (Gp) h) 
2, Sy (Cp) Sre (Cp Ji OB, OB, = 7 Cie - 


We can write, with a change of subscripts: 


S OT ps (Ga) OT p (Ca) 6 
PEIE EOR ofp. at 
If we put G, = E in this identity, i.e. a, = 0 (s =1,...,7) and use the fact 


that S(E) = E, we get 


-09 = [Faea _ OF pi SFr (Ga). 
ik ða; 8a, 
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On comparing with (199) of [82], we see that CY are the structural constants 
that we defined above. On multiplying both sides of (240) by Palaa) Tim(G@.) 
and summing over 7 and k, we get by (236): 


r 
Mra (Ge) _ wA) SF OR Tu) Tial) P) 
ôa Oam i,k=1 


We return to (207) and (208). As we saw, (208) is obtained by equating the 
square bracket in (207) to zero with a, = 0 (s = 1, ..., 7). It is easily shown by 
using (241) that follows from (208) that the square bracket in (207) in fact 
vanishes for any a; 

We write the second term of this bracket as 


T r 
D> ToTu X ThTeljo 
J,k=1 j.k=1 


the argument G, of T being omitted. If we interchange j and k in the second 
term bere, we get 
r 


F 
> ToTu G= © Tip ulhas. 
j,k=1 jks=1 


On transforming the first term 


r (S ly, 
J 


fm E 


dag dag 


in the bracket of (207) in accordance with (241), we at once get the same result 
but with the reverse sign. We consider, along with S(G p» Gq), the matrix 
S"(@g,G@,), the elements of which are given by 


ae = S'(Gg, G,)- (242) 
We can prove, precisely as above, the expressions: 
S (E, Gd =I, 
S’ (Gp Co E) = 8’ (Gg, Ca) 8’(Gq, E), (243) 
S’~! (Gq, E) = 8’ (G3', Ga), 


which we shall require later. 


88. The formation of groups with given structural constants. The present 
section is concerned with the general outlines of the problem of constructing 
a group operation and a group of linear transformations with given structural 
constants satisfying (194,) and (194,). The construction is based on the theorem 
previously mentioned from the theory of partial differential equations, which 
we now proceed to formulate. 
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Suppose we have the following system of partial differential equations 


Le Kip (ets Tn Zu- Fad (244) 
k 


(@=1,2,..., Mm; k= 1,2,..., n). 
We use the system to write down the condition that 


zi _ zi 








It evidently has the form 














OX ik 5 OX ix zs Xy $ 5 Xu O25 


On, s=1 OZ, Oz; Or, s=1 O25 Ork 


or, substituting for 0z,/dz, and 02,/dz, from (244): 








Xp . ™ Xp aX, , % ƏXu 
he —— 4 X= + y xX kl). 245) 
Oa, pà 1 Gz, st Or, ssi OZ, sk ( ( 


This equation expresses the relationship between variables Tp, 2;. 

THEOREM. If the Xj, are continuous functions and their partial derivatives 
that appear in (245) are continuous at and in the neighbourhood of x, = 2, 
zi = 2, and if all relationships (245) are satisfied identically with respect to 
Th, Zi, then system (244) is uniquely soluble for the initial conditions 


i F 9 s 
2,=20) 


The satisfaction of all equations (245) as an identity with the continuity 
conditions mentioned is generally known as the condition for complete integra- 
bility of system (244). We now sketch out the construction of a group operation 
and of a group of linear transformations with given structural constants. 

Let the structural constants CP, where i, k, p = 1, 2, ..., be given, and let 
(194,) and (194,) be satisfied by the constants, 

We can verify by solving system (241) with respect to the partial derivatives 
that the relationships mentioned represent the condition for complete integra- 
bility of the system. Thus there exists a unique matrix 7(G,) with elements 
T (G2) (P, 4 = 1, 2,...,7) which becomes a unit matrix with G, =F, i.e. with 
a, = 0 (8 = 1, 2, ..., r) and which satisfies system (241). Having found 7(G,), 
we can form its inverse S(G,) = T- (G@,).To obtain the group operation, we return 
to (238). The right-hand sides of these equations are known functions of fs 
and y, (s = 1, 2, ..., r). It can be verified that system (241) expresses the condi- 
tion for complete integrability of system (238). Hence there exists a unique 
solution of system (238) which satisfies the initial conditions 
= qA, 


Yi aoe i- 


This solution in fact gives the group operation. The initial conditions express 
the fact that element G,, defined by (230), becomes G, for 8, = 0 (s = 1, 2, ..., 
r). We now pass to the formation of the group of linear transformations, i.e. 
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of the group of matrices of a given order, for the given structural constants, 
the matrix T(G,) being already obtainable as shown above. As we pointed out 
in [83], the condition for complete integrability of system (204) or (205) amounts 
to the vanishing identically of the square bracket in (207) for any choice of sub- 
scripts, whilst this last condition is fulfilled, as we proved in [87], if matrices 
I, satisfy relationships (208). The solution of the problem must therefore begin 
with the construction of matrices I, of a given order satisfying (208). This is 
a difficult algebraic problem. Having found the I,, we can then assert that system 
(205) has a unique solution satisfying initial conditions (206). This solution 
in fact gives the matrix group with given structural constants C9. 

It can be shown that integration of system (241) with initial conditions 
T(E) = I amounts to integration of a system of ordinary linear differential 
equations with constant coefficients. We state the result. We form the system 
of ordinary linear differential equations with constant coefficients: 


dw;,(t) 5 ; 
au) L Sig + a CO ay walt) 
P,q=1 
where ô = 0 for i Æ k, ôy = l and a, a,,...,a, are assumed to be given 


constants. The functions T (a) = wg(l) now satisfy system (241) and initial 
conditions T(E) = I. A detailed treatment of the problem of forming a continu- 
ous group, given the structural constants, together with various other problems 
of the theory of continuous groups, may be found in L. S. Pontryagin’s Nepre- 
ryvnye gruppy (‘Continuous groups”). 


89. Integration over groups. We proved in (76, 77] a number of relationships 
which contained the sums of various quantities depending on the elements of 
a group, the summation being extended over all the group elements. In the 
case of a continuous group, the summation is replaced by integration with respect 
to the parameters defining the group elements. Let @ be a continuous group 
such that there corresponds to it for some choice of parameters a bounded 
closed domain V (the domain with its boundary) in real r-dimensional space 
T, defined by parameters a, ..., a, with a definite point of V corresponding 
to every element of G and vice versa. The functions ?,(Fis wey Bps Gy, 00s Gy) 
defining the group operation are assumed continuous and differentiable a suf- 
ficient number of times inside V. Furthermore, these functions and their deriv- 
atives are assumed continuous up to and including the boundary of V. The 
parameters @,, corresponding to the element Gz}, are assumed to be continuous 
functions of the parameters a,. A group with these properties is generally said 
to be compact. To define integration over the group, we consider the determinant 
of matrix 8’(@, G,) [87] and introduce the following notation for this: 


r 


4° (Gp. Gq) =| gt (248) 





We have directly from (243): 
A’ (E, G,) = 1, (247,) 
A’ (Gg Gy, E) =A’ (Gp, Ga) - A’ (Gq, E)- (247.) 
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Using the notation ô’(G G) — (Gp E), we can write 


5'(GpCg 
4 (Gp Ca) = pee. (248) 
Hence, observing that ôĉ'(E) = A’(E, E) = 1, we get: 
1 
4 (Gad) = F (249) 


We introduce the further notation: 
u’ (Ga) = A’(Ga, Ga). (250) 
In view of our above assumptions, w’(G,) is also a continuous function in the 


domain V. It does not vanish, since 


1 rd pan z 
TG = C) = 4 Gu E) 
is also a continuous function. Observing that u’(Z) = 1, we can say that 
u(G,) and 6(G,) are positive functions. By (248), the same can be said of 


A(G p G,)- 
Let f(G,) = f(a, ..., @)'be any function continuous in the closed domain F. 
We define the integral of this function over group @ by the formula: 


SHG OBI Cire ya) # (Ga) says «ap (251) 


where we have the usual integral over domain V on the right-hand side. We 
show that this integral has the following property of left-hand invariance: 


JICA dG, = J f (GCa) AG, (252) 


or in coordinate form: 


S f(a, ak a) w’ (Ga) da... da, = Í f (Yx -eY w (Ga) da,,...da,, (253) 
v Vv 


where Gz, is any fixed element of G. We replace the variable element G, in the 
left-hand integral by the variable element G;, setting G, = Gg Ga, the domain 








of variation of parameters ô, ..., 6, being V as before. The transformation 
determinant is 

0a; |r ô’ (GG) u’ (Ga) w’ (Gs) 

ar | = 4’ (Ga Gs) = = pe? 

25, hT O&O) =“ BG) Wea) T Wa) 
and we get 

p rea y Y (Go) 

filas.. aw (Ga) da, ... da, = S f (a,..., 0) u (Cd 7G) dô, ... dô, = 
V v a 


PUG 


This is equivalent to (252). The replacement of G, by G; on the right-hand 
side is of no importance. 
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Integrals invariant on the right are similarly formed. We introduce the deter- 
minant of the matrix S(G5, Ga): 


Bri jr 
A (Gg Ga) = EA le (254) 
We have as above: 
A (Gx £)=1 
A (E, GG.) = A (Gg, Ga) A (E, Gg) (255) 
_ Ê (Gp, Ga) 
A (Gz, Ga) = BEE ’ 
We introduce the positive function: 
= 1 pen 1 ~ 
u (Ga) = SG) = 4 (Go Ga”), (256) 
and the integral is defined by the formula: 
Sf (a, .-.,a,)u(@,)da,... da, = f (G,) d@a. (257) 
Vv G 
The tilde over the differential distinguishes the integral from (251). 
We now have the property of right-hand invariance: 
S í (Gq) an= J f(GaGg) AG. (258) 
G G 


We now show that replacing G, by GZ! under the sign of the integrand produces 
a transformation from a left to right-hand invariant integral, and conversely. 
We differentiate the equation G, = G, Gz, written parametrically, with respect 
to a, it being assumed throughout below that Gg = G7 +: 


























0A; ne 04; OB; 23 02; OA: |r OB; r 
Tag ty GB Dap T O "EPPS |G 2B lı | Bay h’ 
so that we have, on taking (246) and (254) into account: 
Of; Fe. —]yY A(G,, Ga?) = r _U(Ga) _ 
Ga, hT OP Fee =) Ea: (259) 








This determinant can be written in another form. It follows from the equation 

















3b: |r | Oa; |r 
Gay f “OB, |x 
that 
Oa; |" r u'(G3!) 
OB, TOP ay on 
or, on changing the places of G, and G3 ': 
OB. u’(Ga) 
Oa, =(-1Y u(Gs) * (261) 








We now return to the integral. We find, on changing the variable of integration 
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in the usual way and using (260): 








[sa f Few) || apt [lf i t= 
n x , u(Gp) 
= [1B --- B Ga) BP aa... a. 


Vv 
On cancelling u’(G@,) and replacing the variable element G, by the variable 
Qa: we get 
SIn <. AD u(G,) da, ... da, = S f(a, -- -> q) u’(G,) da, ...da,. (262) 
Vv V 


We have similarly, on taking (261) into account: 
SHG, -+ 0) U (Ga) da, ... da, = Sian ...,,) u(G,)da,...da,. (263) 
V V 
We have made no use so far of the compactness of the group. The domain V 
may even be infinite, though we now have to assume that function f(a,, ..., a,) 


is such that all the integrals written have a meaning. We use the compactness 
to show that u(G,) = u’(G,). We consider for this the determinant 


Dap 0) =| 35E |i (264) 


where G, = 81 Gs, G,, and we prove that 
D(Gp. Gar Ay) = D(Gzi Gg Gar Gw) D(Gg, Ga.) - (265) 


We can write: 
Gy = (Gar Ga)! Og(Gq- Ga) = GF Cy Cw: 


where G, = Gai Gg Gar, 80 that 

















On; re On; |r | Oy [= 
ae | Gk’ fae h =P Ga) D(Gp Gar)» 
whence (265) follows. On setting Gs = E in (265), we get 
DE, Ga Gq) = DE, Gy) D(E, Ga) « (266) 
If we introduce the numerical function of an element: 
n(G,) = D(E, Go), (267) 
we can write, by (266): 
N(Gar Ga) = (Gee) (Ga), (268) 


Le. corresponding to multiplication of elements we have multiplication of the 
corresponding values of the function 7(G,). We clearly have: 


(EZ) = 1 and 7(G,) (G3) =1, (269) 


and 7(@,) is continuous and positive in the closed domain V. We now show, 
using the compactness of the group, that 7(G,) = 1 for any element G,. Sup- 
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pose, for a given G,, we have 7(G,) #1. If say 7(G,) <1, then by (269): 
n(GI') > 1, and we can always assume that 7(G,) > 1. With this: 

(G!) = [n(Gq)]" + œ for n> œ. 


This contradicts the fact that the function 7(G,), continuous in the closed 
domain V, must be bounded. We next consider the relationship between 
u(G,) and w’(G,). Let 


G, = Gp Ga = Gz! (Ga Gs) Ga = Gi Co Ga (Ge = Ga Gp) ; 
We have: 


yi f (Ga G 
OB, [1 (Gp. a) 
But on the other hand: 


Oy; |r set | 


OB, 1 
A(Gg, Ga) = D(Ga Gp, Ga) A(Ga: Gp) - 
We obtain on setting Gz = GI: 








= DGe, G,) A (Ga Gp)» 











əy: | 
dop if 








i.e. 


AGZ, Ga) = D(E, Ga) - A"(Gar Ga) , 
i.e. : 
u(Gq") = n(G,) u’(Ga) or uG) = v (G3) 


for any G,, since 7(G,) = 1. Thus for compact groups, the left invariant inte- 
gral (251) is the same as the right invariant integral] (257). Moreover, it follows 
from (262) and (263) that this integral is the same as 


Í Hän ..., &) u’(G,) da, ... da, . 
Vv 


The left and right invariant integrals may be different for non-compact groups. 
We take as an example the group of linear transformations of the form 


a 
z = e2 + a, 


where a, and a, vary from (— œ) to (+ œ). Here, r = 2 and V is the whole 
plane. The composition of two transformations gives 


2’=se%Z+ a; 27 = Fie + bz: Vi = P(r Pz; a 2) = Bi + 3 
Le. 
z = efter + (ePia, + B,), Ya = P2(Prs Bes A, 22) =e By + ay. 
Parameters a, = a, = 0 correspond to the Bagot element. The element 
Gr! has parameters G, = —@,, @. = —a,e-°. We evaluate the functional 
determinants: 


1, 0 
(Gp, Ga) = io aa SOT OG) =O; UG.) = 07% 





11, e™ f, 


(Gg, Ca) = lo, l 


|=": (Gq) = u(G,) =1. 
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The left invariant integral has the form 


+o fo 
$ f$ Fai a4) e7% da, da, 


and the right invariant integral: 


+œ foe 
$ f f(a, a) da, daz. 


-a — oo 


We observe that requirements other than compactness of the group are 
possible in the proof of the equality of the right and left invariant integrals, 
i.e. of the equation u(G,) = u’(G,). 

Let G’ be the subgroup consisting of elements of G of the form 


Ga Gg Got Get (270) 


or of products of these elements, G, and Gg being any elements of G. 

It may readily be seen that, if an element G, is included among elements 
(270), so also is Gz". 

Similarly, Gy! G, Gs, for any choice of G, of G, is likewise included among 
elements (270). It follows from what has been said above that QG’, the sub- 
group generated by elements (270), is a normal subgroup of G. The subgroup 
G’ reduces to the identity element when and only when all the elements (270) 
are identity elements, i.e. when and only when G is an Abelian group. Sub- 
group Q’ may possibly be the same as G. This is true, in particular, if G is a 
non-Abelian simple group. Subgroup @’ is generally known as the derived 
group of G. 

It follows from the definition of (268) and (269) that 7(@, G3 Gz! GF'),= 1, 
that 7(@,) = 1 for all G, of G’, and that 7(@,) has the same value for all ele- 
ments belonging to the same set with respect to G’, i.e. 7(G,) has the same 
value for any element of the group complementary to G’. If G’ is the same 
as G, 7(G,) = 1 for any G, of G. The same is true if the complementary group 
just mentioned is compact. But since 


n(Ga) = 1, we have u(G,) = u’(G,) . 


90. Orthogonality. Examples. The property of left and right invariance of 
the integral is analogous to the property in the case of finite groups that the 
product G, G, or G, G, of a variable element G, and a fixed element G, varies 
over all the group elements. We used this property to show that every group 
representation is equivalent to a unitary representation, and in proving the 
properties of orthogonality. Similar propositions can be proved for compact 
groups by using the invariant integral. If A(G,) are unitary matrices yielding 
an irreducible linear representation of a compact group G, and B(G,) are unitary 
matrices yielding a non-equivalent irreducible representation, we have the 
following expression for the orthogonality of the non-equivalent irreducible 
unitary representations, the matrix elements being denoted by two subscripts 
as usual: 

S {4 (G) {BEd} u(Ge) da, ... da, =0. (271) 
v 
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We obtain for a single irreducible representation: 
a ce Ory Ont 
{A(Ga)}ij {4 (Ga) ber (Ga) da, - Ca: 5- u(G,)da,-da,, (272) 
Vv v 
where p is the order of the matrices. Similarly, we have for the characters: 


p q 
X(Ga) = È {AG,)}is XG) = PA {BG@a)}i 


where p and g are the orders of matrices A(G,) and B(G,), and these have the 
following properties: 
f X(G,) I (G) u(G,) da,- da, =0, (273) 
V 


$ X (Ga) XG) u(G,) da, -da,= f u(G,) da, - de, . (274) 
Y Vv 


1. We now consider some examples. Let G be the Abelian group of rotations 
of the plane about the origin. Here, r = 1, and the single parameter is the angle 
of rotation a. We take a as belonging to the interval (0,22), the ends of this 
interval being regarded as identical. Successive rotations by angles a and f 
amount to a rotation of 8 + a, where the sum must always be made to be- 
long to (0,22) by subtracting 22 if necessary. The functional determinants 
A(G g, G) and A’(G5, Qa) here reduce to the derivatives of 8 + a with respect 
to ĝ or a, ie. to unity, so that u(G,) =u’(G,) = 1. We know that G has irre- 
ducible unitary representations of the first order ef™" (m = 0, +1, +2,...), 
and (273) and (274) give the familiar expressions: 


27 poy 

fo'm a ois a de =| ell —™) a dq = for m, # m, (275) 
2 2x for m =m. ` 

9 0 


We remark that, because of the need for making the sum £ ++ a belong to (0,27), 
we may have a singularity as regards the continuity and definition of the deriva- 
tives of the sum; this occurs when the sum is equal to 2x for a and £ lying 
inside the interval. 

2. We consider the group of rotations of three-dimensional space, using 
parameters rather different from those mentioned in [84]. Let the space be 
rotated by an angle w about an axis forming angles a, $, y, with the coordinate 
axes. 

We introduce the four parameters: 


P a, = cos asin a; a, = cos f sin + o; a, = cos ysin 4 w. (276) 


2 2 
These arc connected by the relationship 
of + aj +a} +ag=l. (277) 


The values a, = 1, a, = a, = a3 = 0 correspond to the identity transformation. 
We can take a,, G, @, as the parameters, and a, as a function of them. 
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If the rotations defined by parameters (a), Q1; Gs, 4;) and (bo, bi Öz» b3) are 
carried out successively, the parameters (Co, Cr, Cz, ¢,) of the resultant rota- 
tion may be readily seen to be given by 


Co = My by — 4, bi — az bz — 2 by C2 = a,b, — a, by + ab, + Gg bis 
Cy = Oy bi + G1 by + az ba — Gg be, Cy = ay ba + Gi bz — as bi + as bor 
We find from (277), treating a, as a function of d4, as, a3: 


(278) 


Ga, ; 
Sa T ha (j = 1, 2, 3), 


whence 0a,/da, = 0 for E. Using this, we can easily form the functional deter- 
minant for b, = 1, 6, = b, = b = 0: 


D (cis €2; ĉa) = 


Debb) || Fe w — a || = a (88 + a + af + a3) = 


Qp — 43, Qz 





— üg, Qi aa |! 


=a, = Y1 — a? — a? — a}. 


The invariant integral becomes 


1 


m da, da, da,. 279 
Via a aj 1 GG, Gas (279) 


Jil. anan 
y 


The domain V is the sphere with centre at the origin and unit radius. We remark 
that expressions (278) are obtained directly from the rule for multiplying qua- 
ternions: 


Cyt Oi + Crj + esk = (ay + a, i+ a j + aa k) (by + b, i + ba j + bak), 
the unities 7, j and k being subject to the following multiplication rules: 
Ëa f= k=l; j= ji=k;, jk=—kj=i; ki=—ik=j. 
It is easy to establish the connection between parameters (Go: a, Gz, @,) and 
the Eulerian angles a, 8, y. The expressions are 
ay = cos $ cos (a +y); a, = sin Pein (7 — a); 


AA | l ee | 
a, = sin > Ê cos -y (y — a); a, = cos -y Bsin-> (a+). 
The invariant integral may now be written in parameters (a, p, y) as 


[i (a, B, y) sin B sin? 5- (a — y) da df dy, (280) 
Vv 


where 0 < a<27,0< P< xn, 0< y <2. Wa note that in integral (279) 
the function 
1 


yi — a} — a} — af 


i 
ay 


becomes infinite if w = x. This is related to the fact that we have sin w/2 
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instead of w in expressions (276) for a@,, ds, a,- It is worth mentioning here that 
the properties discussed in [89] in connection with the definition of compactness 
only need to be fulfilled for a certain choice of parameters. The properties may 
well be lost. on changing the parameters. Furthermore, the singularity in the 
continuity and definition of the derivatives mentioned at the end of the first 
example in connection with the group of rotations of the plane about the origin 
will also hold for the group of rotations of three-dimensional space. 

It may also be remarked that the equality of the invariant integrals for the 
spatial rotation group has an immediate connection with the fact that this is a 
simple non-Abelian group. 

3. It may easily be verified by direct evaluation that the left and right 
invariant integrals are equal for the Lorentz group which, as we have seen, 
is homomorphic with the group of linear transformations with unity deter- 
minant: 

Ty = Aya, + ay a) 


“ = ]). 281 
a, = a, T, + ay Ty {ao 23 — a a, ) (281) 


The values a, = @, = l, a, =a, = O correspond to the identity element. 
We can take a, as a function of &,, G+, a, and take as parameters the real and 
imaginary parts of a,,a@,, and a; — 1. The group operation amounts to multi- 
plication of second order matrices, and we have: 


Co = by dy + by Gq, Cy = boa +0, Gy, Cz = bza + dg dg, C= bza, + 6,43. (282) 


a 


If we put a, = a, + daz (k = 0, 1, 2, 3), the group parameters are a,,a,, 43; 
aj, ay, 43. On writing further by = 6, + iff and cp = yp + iy}, to find the 
inveriant integral we must first evaluate the functional determinants: 


D (Yi Ya» Vy Vir Yoo Ys) d a Ua / 
Hyp’ o 2 Q* On Or f = = = = f = A = 
D (Bis Bos Bas 87, Bi, B3) or By bz By Bs B3 0: Bs l 





or 


r Bn a EES E a, E 
for q&a =@ = qaj = a; = q; = 0; q&a = l, 


D (vi Var Yp VI Yo V3) 
D (1, Gy, Oy; Gi» By, Og) 


the fact that a; = 1 and not zero for the identity transformation of the group 
being of no consequence. We get in both cases the same invariant integral: 
J! (ai, a8, 05, af, 5, 3.) Fr dat dad aa’, dat def dag. (283) 
The domain F is the total six-dimentional space. The equality of the invariant 
integrals is related to the fact that, for group (281), the sub-group @’ formed 
by the multiple elements G, Gg Gg! Gg!, to which we referred in [89], is the same 
as the group itself. For it is easily shown that @’ does not reduce to the identity 
transformation or to the normal subgroup formed by elements E and (—£). 
The actual working tofind invariant integral (283) becomes simple on the basis 
of a lemma in which use is made of analytic functions of several complex vari- 
ables (see Chap. IV of the second part of this volume). 
Leama. Let w, = us + iv, ($ = 1,2, ..., k) be analytic functions of complex 
variables z, = x, + ty, (8 = 1, 2, ..., k). The functional determinant (Jacobian ) 
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of functions (th, Vi, . --, Uk, Dy) with respect to variables (Tı, Yi, ..-1 Tk Yk) t8 now 
equal to the square of the modulus of the functional determinani of functiona 
(Wis ..., Wy) with respect to variables (Z, ..-, 2). 
We have (see Chapters I and IV of the second part of this volume): 
ia, Bor.. Bor Për 
Ory yk’ Oxy Oy,” 
and we can write: 
By) bir ` Gim bin ++ Qip Ore | 


_ — ar asy = a 
D (ts Cyr «0+ , Up Vy) i Bip Gus — Dye, Qia 1 — biw Oy i 


Tia ATA a a A a ge ye es | x 
D (a, Yb 3 Tio Ya) üp» bkv [70 bis, Soe Oxi bik | 


— ba, any» — de, bigs sees — Dikip Bag 


Ou; Ou; 
Sik = Ge, 3 bin = See 


where 


On adding to each odd column the next even column multiplied by #, we get 
the determinant: ` 


Cras bi Crear biw <--> Cip Dik 
iin Qp Eig big -+ iy Gik 
jr ase an oe A E (Cik = Ajg + ibin) - 
i Ce Dev Cys, biz sey kp bik j 
| ter, Ont» 1x, yey +> 5 Wiggs Org 
Further, on subtracting from each even row the previous odd row multiplied 
by į, we get 
Cir bir Cim biss +-+ Cres Ory | 
O, ĉu» 0, Cyo,--+, Ô, Coy | 
Chas bers Cre» Dyes +++» Chio Okk | 
0, ca» O, Cyer---s 0, Oey | 


Transferring the odd columns to the left and the even rows to the top, we get 


Cin Cray >+- Cip Or Dyes +--> Org | 


Cer, Com s-+ Cap Dns Bee, --- > Ok 





0, 0,.--, 0, Cu), Cis <--> Cik 


whence it follows that 


Ciis ++- > Cik _|D(ws..-, wd}? 
ARS = D (zi --., 2) 
| Eps --- > Cek! kts +-+- kk 


D (UDr -> Upwa) E 
D(Q yp +--+ Zio Yu) 
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We next evaluate the function u(G,) in the invariant integral. For this, we have 
to evaluate, in accordance with the lemma, the functional determinant 


D (cris Ce, C3) g 

Db, be, b) b, bJ for 6, =b, =1; b =b, =0 (284) 
or 

D (ci, Cz, €5) E 

D(G4,05.,) for a, =a; = l; a4, =a,=0. (285) 


It follows from the relationship a,a, — a,a, = 0 that: 














da, 8a, ; da, 
a a TA =h t Gea T E A 
We have further: 
2f der o. Gey 
Ja, To J, 7A aa, P 
ðc _, 3am, Oc, _, Oa, | Oc, _ Ee 
Ta, T Da? Dag TO? Da, TOS Da, T a 
Bey _y. Bes _ o. Beg 
da, — ree Oa, 2 ða, gy 


whence (283) follows. The same result is obtained on the basis of expression 
(284). 


INDEX 


Abelian group 189, 208, 240 
Anti-symmetric functions 43 
Associative law for matrices 78 


Bessel’s inequality 162, 176 
Bilinear forms 142 

Bounded transformation 171 
Buniakowski’s inequality 111 


Cauchy test for vectors 162 
Characteristic 
equation of matrix 100 
roots 
of matrix 100 unitary 145 
of quadratic forms 135 
Characters of representation 277 
Class of group 211 
Closure 
equation of 168, 176 
generalized 168, 177 
Cofactor 
of element 12 
of minor 15 
Commutative Hermitian matrices 143 
Complete system 
of functions 178 
of vectors 167 
condition for 170 
Composition of linear representations 
262 
Conjugate, complex 47 


Continuous groups 291 
Contragradient transformation 80 
Contravariant 

affine vectors 81 

vector components 83 
Cosets with respect to subgroup 209 
Covariant 

affine vectors 81 

vector components 83 
Cramer’s theorem 30 
Cycle 203 


Derived group of a group 316 
Determinant 

evaluation of 16 

functional 62 

notation 6, 12 

sign-rule for 11 
Differentiation of matrices 295 
Direct product 

of groups 264 

of matrices 259 
Discriminant of quadratic form 131 


Eigenfunctions of operator 185 
Eigenvalues see Characteristic roots 
Elementary divisors 103 

Eulerian angles 73 


Factor group 214 
Fourier coefficients 176 
Functional operator 181 


Gradient of function 82 
Gram’s 

determinant 55 

inequality 57, 58 
Group 

abstract 205 

compact 311 

cyclical 190 

dihedral, of order n 283 


of linear transformations (matrices) 


188 
of permutations 205 
alternating 203 
rotation, simplicity of 252 
simple 214 


Hadamard’s inequality 55 
Hermitian 

form 112 

operator 182 
Hilbert space 159 
Homomorphic groups 217 


Implicit function theorem 66 
Index of subgroup 209 
Integral 

left-hand invariant 312 

right-hand invariant 312 
Integration over group 311 
Inverse element of group 206 
Inversion 

in permutations 3 

of system of functions 64 
Isomorphic groups 216 


Kernel of homomorphism 218 


Laplace’s determinant theorem 16 
Limit 
of complex variable 157 
of variable vector 162 
Linear forms 39 
complete system of 40 
completion of a system of 41 
homogeneous functions 11 


INDEX 323 


linearly 
dependent 39 
independent 39 
operator 181 
transformations 70, 90 
Lorentz transformations 194 
general 198 
positive 200 


Matrix (array) 74 
conjugate (Hermitian) 96 
diagonal 77, 91 
Hermitian 117 
non-singular 90 
projection 149 
quasi-diagonal 97 
rectangular 27 
scalar 237 
similar 92 
transposed 79 
unit 75, 91 
Minor 
of determinant 12 
of order / 15 
principal (leading) 23 
Modulus of complex number 47 
Multiplication of determinants 23 


Norm 
of function 175 
of vector 48, 160 
Normal subgroup of group 213 


Objects of linear representation 233 
Order 

of element 206 

of group 209 
Orthogonal transformations 105 


Parameters, Cayley— Klein 227 
Permutation(s) 6 

basic 8, 9 

inverse 201 
Polynomial, matrix 154 
Powers of matrix 95 


324 


Product 
matrix 76 
permutation 202 
rectangular matrix 28 
transformation 75, 90 

Projection of vector on sub-space 51, 
150 

Pythagoras’ theorem 48, 166, 170 


Quadratic forms 
alternating 127 
constant sign 127 
definitely 
negative 127 
positive 127 
law of inertia for 126 
matrix of 114 


Rank 
of matrix 28 
of system of forms 40 
Rational fraction of matrices 156 
Reduction of matrix 
to canonical form 102 
unitary, to diagonal form 145 
Representation of group(s) 
linear 233 
of direct product 264 
equivalent 233 
irreducible 234 
one-to-one 232 
reduced 234 
rotation 249 
and Laplace’s equation 253 
unitary, in two variables 242 


regular 281 


Sarrus’ rule 17 
Scalar product 

of functions 175 

of vectors 47, 105, 160 
Schrédinger equation 263 
Secular equation 59 

A. N. Krilov’s method 60 
Similar groups of matrices 193 


INDEX 


Stereographic projection 220 
Structural constants of group 292 
Subgroups 208 
similar 213 
Sub-space 
complementary orthogonal 51 
of vector space 45, 46, 98 
System of first degree equations 30, 31 
homogeneous 36 
interpretation of 49 
linearly independent solutions of 
38 
principle of superposition of solu- 
tions 38 
zero solution of 37 


Tensor 
deformation 89 
of second rank 
contravariant 84 
covariant 84 
mixed 84 
stress 88 
Transformations 
group, infinitesima] 295 
identity 74, 91 
inverse 75 
non-singular 90 
proper 74 
sunilar 80 
symmetry, with respect to origin 73 
Transpositions in permutations 7 
Triangle rule 111 


Unitary 
operator 182 
transformations 105, 174 


Vandermonde’s determinant 21, 43 
rectors 
condition for linear independence 
43 
linearly independent 43 
mutually orthogonal 48 
in n-dimensional space 41 


Vol. 
Vol. 
Vol. 
Vol. 
Vol. 


Vol. 
Vol. 


Vol. 
Vol. 
Vol. 
Vol. 
Vol. 
Vol. 
Vol. 
Vol. 


Vol. 
Vol. 
Vol. 
Vol. 
Vol. 
Vol. 


Vol. 
Vol. 
Vol. 


Vol. 
Vol. 
Vol. 
Vol. 
Vol. 
Vol. 
Vol. 
Vol. 


Fol. 


C1 pa bo s 


See 


10. 
11. 
12. 
13. 
14. 
15. 


16. 
17. 
18. 
19. 
20. 
21. 


22. 
23. 
24. 


25. 
26. 
27, 
28. 
29. 
30. 
31. 
32. 


33. 


VOLUMES PUBLISHED IN THIS SERIES 


WALLACE— Introduction to Algebraic Topology 
PEDOE—Cireles 

SPAIN — Analytical Conics 

MIKHLIN—Integral Equations 

EGGLESTON — Problema in Euclidean Space: Application of 
Convexity 

WALLACE— Homology Theory on Algebraic Varieties 
NOBLE— Methods Based on the Wiener-Hopf Technique for the 
Solution of Partial Differential Equations 

MIKUSINSKI— Operational Calculus 

HEINE—Group Theory in Quantum Mechanics 

BLAND—The Theory of Linear Viscoelasticity 
KURTH — Aziomatics of Classical Statistical Mechanics ` 
FUCHS — Abelian Groups 

KURATOWSKI1— Introduction to Set Theory and Topology 

SPAIN— Analytical Quadrics 

HARTMAN and MIKUSINSKI— Theory of Lebesgue Measure and 
Integration 

KULCZYCKI— Non-Euclidean Geometry 

KURATOWSKI1— Introduction to Calculus 

GERONIMUS— Polynomials Orthogonal on a Circle and Interval 
ELSGOLC—Calculus of Variations 

ALEXITS—Convergence Problems of Orthogonal Series 

FUCHS and LEVIN— Functions of a Complex Variable, 

Volume II 

GOODSTEIN — Fundamental Concepts of Mathematics 

KEENE— Abstract Sete and Finite Ordinals 

DITKIN and PRUDNIKOV — Operational Calculus in Two Variables 
and its Applications 

VEKUA—Generalized Analytic Functions 

AMIR-MOEZ and FASS— Elements of Linear Spaces 
GRADSHTEIN— Direct and Converse Theorems 

FUCHS— Partially Ordered Algebraic Systems 

POSTNIKOV— Foundations of Galois Theory 

BERMANT—Course of Mathematical Analysis, Part II 
LUKASIEWICZ— Elements of Mathematical Logic 
VULIKH—Introduction to Functional Analysis for Scientists and 
Technologists 

PEDOE— Introduction to Projective Geometry 


325 rs as 


pass 


326 


Vol. 
Vol. 
Vol. 


Vol. 
Vol. 
Vol. 
Vol. 
Vol. 
Vol. 
Vol. 
Vol. 
Vol. 


rol. 
Vol. 


ol. 
Vol. 


Vol. 
Vol. 


Vol. 


Vol. 
Vol. 


Vol. 
Tol. 


Vol. 
Vol. 


34. 
35. 
36. 


37. 
38. 
39. 
40. 
4l. 
42. 
43. 


45. 


46. 


Gi 


te 
48. 
49. 


50. 


52. 


53. 
54. 


56. 
5T. 
58. 


TIMAN — Theory of Approrimation of Functions of a Real Variable 
CSÁSZÁR — Foundations of General Topology 

BRONSHTEIN and SEMENDYAYEV—A Guide Book to Mathe- 
matics for Technologists and Engineers 

MOSTOWSKI and STARK —Introduction to Higher Algebra 
GODDARD— Mathematical Techniques of Operational Research 
TIKHONOV and SAMARSKII— Equations of Mathematical Physics 
McLEOD— Introduction to Fluid Dynamics 

MOISIL—The Algebraic Theory of Switching Circuits 

OTTO— Nomography 

RANKIN — An Introduction to Mathematical Analysis 
BERMANT—A Course of Mathematical Analysis, Part I 
KRASNOSEL’SKI— Topological Methods in the Theory of Non- 
linear Integral Equations 

KANTOROVICH and AKILOV— Functional Analysis in Normed 
Spaces 

JONES—The Theory of Electromagnetism 

FEJES TOTH— Regular Figures 

YANO— Differential Geometry on Compler and Almost Complex 
Spaces 

MIKHLIN — Variational Methods in Mathematical Physics 

FUCHS and SHABAT— Functions of a Complex Variable and Some 
of their Applications, Vol. I 

BUDAK, SAMARSETI and TIKHONOV — A Collections of Problems 
on Mathematical Physics 

GILES— Mathematical Foundations of Thermodynamics 
SAUL’ YEV— Integration of Equations of Parabolic Type by the Method 
of Nets 

PONTRYAGIN et al.—The Mathematical Theory of Optimal 
Processes 

SOBOLEV — Partial Differential Equations of Mathematical Physics 
SMIRNOV—A Course of Higher Mathematics, Vol. I 
SMIRNOV— A Course of Higher Mathematics, Vol. II 


